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HERE is presumably no sport that may not 
in some of its aspects be subjected to 
physical analysis or experiment, particularly so 
when certain specialized instruments are used 
in its pursuit. Golf, baseball, tennis, lawn bowl- 
ing and boomerang throwing are examples. In 
each of them a physicist may find plenty of scope 
for “recreational physics,” the application of 
physics for his own recreation. No sport to my 
knowledge affords greater opportunity for the 
exercise of recreational or hobby physics than 
does archery. For a decade and more it has from 
time to time provided me with hobby material 
of several kinds. One of them is the outdoor 
recreation of target shooting and bow-and- 
arrow hunting. Another is the collecting of old 
books and prints. Scientific study and experi- 
ment constitute a third. Still another is the 
application of results of the third to. improve- 
ment in design, and the exercise of craftsman- 
ship in fashioning better weapons and missiles. 
Although much that is interesting could be 
written on the first two aspects of the hobby, 
this is not the place to attempt such an under- 
taking. This is an article for physicists written 
by one who has experienced great satisfaction 
in the joining of his vocation with his avocation. 
In it he hopes to convey some idea of what he 
has experienced and to present certain material 
that may prove interesting to them and to their 
students, whether or not they are archers. 


The bow is one of the earliest man-made 
machines with which it is possible to store 
energy slowly, and at will transform it into the 
kinetic energy of a missile that is being projected 
at a more or less distant object. Muscular effort 
provides the energy for propulsion; coordination 
of mind and muscle directs that energy. Al- 
though the bow is one of the most ancient 
weapons, the bow and arrow are as modern as 
they are ancient. They are with us today in 
greater numbers than ever and are gaining 
devotees at a rapidly increasing rate. An ex- 
planation of the persistence of interest in archery 
may be the fascination of seeing the arrow fly or 
in hearing its ‘‘thunk”’ as it strikes. Possibly love 
of the bow, like affection for one’s dog, or love 
of an open fire, is an inheritance passed along 
through generations of ancestors for whom the 
bow meant subsistence and protection. ' 

It hardly needs saying that the toy archery set 
procurable in the dime store is not representative 
of the bows and arrows that we are considering. 
These are by no means toys. They are implements 
capable of storing and converting large amounts 
of energy. Even the smaller sizes, for childrens’ 
use, can cause injury and damage if carelessly 
handled, and their use should be permitted only 
under adult supervision. The larger sizes, as 
used in hunting, constitute a powerful, lethal 
weapon. There are many thousands of bow-and- 
arrow hunters; of these, large numbers have dis- 
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Fic. 1. A 42-lb yew bow held at full draw while 
the arrow is being aimed. 


carded the rifle for the bow. They have discovered 
that, although the bag is necessarily limited by 
the smaller range and accuracy of the bow, there 
is incomparable compensation in the thrill of a 
successful stalk—an art not called for in rifle 
shooting—and in seeing the arrow miss by the 
narrowest of margins. I have had no greater fun 
in hunting than to see a broadhead arrow, at 
50 yd, overtake a fleeing jackrabbit and pass 
directly between his ears. 


BOW AND ARROW SHOOTING 


To provide a basis for an understanding of the 
discussion to follow, it is desirable to describe 
briefly the method of shooting an arrow. There 
are many ways of holding and drawing the bow 
and ‘“‘loosing’’ the arrow. Types of bow and 


methods of loose have been employed by 
ethnologists and archaeologists as ‘“‘tracers’’ of 
races and cultures. In this country, as well as in 
England, from which our archery derived, we 
employ the three-finger, or Mediterranean, loose 
in which the string is drawn by hooking the first 
phalanx of each of the first three fingers upon it, 
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with the arrow between the first and second 
fingers. The archer stands facing at right angles 
to the direction in which he intends to shoot, 
with the target at his left if he is right-handed. 
As he raises the bow with his left arm, he draws 
the string with his right, so that the plane of the 
drawn bow is approximately at right angles to 
the direction in which he is facing. Without 
moving his body he turns his head in the direction 
of the target and aims with his right eye (Fig. 1). 
His right elbow and forearm are well elevated, 
and the latter transmits the force from his arm 
and shoulder muscles through the fingers to the 
string. The string comes to rest, pressing against 
his chin. When he is ready to loose the arrow, he 
continues to exert force on the string with his 
drawing hand, slowly and deliberately, until 
the string slides off the ends of the three drawing 
fingers. In some kinds of field shooting, in hunt- 
ing and in flight or distance shooting, the draw 
and loose are a continuous operation without an 
intervening pause. The practiced archer is care- 
ful not to move the bow hand until the arrow is 
well on its way, to avoid throwing the latter off 
its intended course. 

The bow used in target shooting ‘‘weighs” 
(pulls) anywhere from 20 to 60 lb, depending on 
the strength of the archer.' Its length is usually 
between 5 and 6 ft. Hunting bows range in 
“weight” between 50 and 100 lb at full draw, 
but there are some archers of Ulyssean brawn 
who claim ability to draw up to 175 Ib. Flight 
bows may draw 80 or 90 Ib for regular style 
shooting, and up to 200 lb or more for use as 
“foot bows” which the archer straps to his feet 
and shoots by lying on his back and elevating 
his feet until the proper initial angle of the arrow 
for maximum flight is attained. 

Bow strings are now almost invariably made 
of linen thread, although many other fibrous 
materials have been employed. A_ sufficient 
number of threads provides the requisite strength. 
Strings should be as light as is consistent with 
strength and durability. Of all available fibers, 
linen seems best to satisfy this requirement. 
It stands at the top of the list for its high tensile 
strength, small stretch and low mass per unit 
length in a given string. 


1 The ‘‘weight”’ of a bow is the force required to draw it 
the full length of its arrow. 
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Accuracy of flight requires straightness in an 
arrow throughout its 24 to 30 in. of length. 
Feathers are commonly used as stabilizing vanes 
to keep the shaft tangent to its trajectory. Be- 
cause of their natural warp, they cause the arrow 
to spin, which partly compensates for lack of 
straightness. The wood of which an arrow is 
made must, obviously, be strong and tough to 
withstand impact and other forces without 
damage. Only a few kinds of wood are suitable 
because, in addition to strength and toughness, 
arrows require a high ratio of stiffness to density. 
In hunting arrows strength is the first require- 
ment and the stiffness-density ratio is less im- 
portant. Differences in mass produce differences 
in velocity in arrows shot from the same bow. 
Hence it is necessary for accurate shooting, 
when a number of arrows are used in the same 
set, that they have the same mass. Not only this, 
but they must have the same dimensions and 
form, and the same mass distribution. The 


reasons for these requirements will appear in 
the subsequent discussion. In recent years good 


arrows have been produced of steel and alumi- 
num alloy tubing. 

Accuracy in the shooting of successive arrows 
requires not only the aforementioned uniformity 
of characteristics, but also that the bow have an 
unvarying force-draw characteristic so that the 
total energy for propelling the shaft is the same 
in each shot. The limbs of the bow must work 
together and without variation in their mode of 
motion in successive shots. Finally, the 17 things 
essential to good shooting—which are distributed 
among the five principal acts of standing, nock- 
ing,? drawing, holding and loosing—must be 
done in precisely the same manner each time to 
achieve a perfect shot. Hot, sultry weather may 
affect the bow—and the archer—by change of 
temperature and moisture content. Shooting a 
bow is a physical experiment, the results of 
which are most closely reproduced when there 
are no uncontrolled variables. 

The somewhat sketchy information conveyed 


2 Nocking means to place an arrow on the string, with 
its nock, or notch, in the proper position. Roger Ascham, 
tutor to Elizabeth, later queen of England, wrote in 1544: 

““Standinge, nockinge, drawinge, —— lowsinge, where- 
by commeth fayre shootinge .. . ; 
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up to this point may serve to give some apprecia- 
tion of the fact that the bow and arrow indi- 
vidually, and their use in combination, present a 
great wealth of problems. We are now prepared 
to consider those lying in the domain of physics— 
to indicate what progress has been made in their 
solution, and how physical research and develop- 
ment have greatly improved the implements of 
the sport. Applied physics has given archers a 
weapon of precision, comparable in performance 
with a target pistol. 


THE BOW 


Reduced to its simplest terms, what we require 
of a bow is that it shall shoot an arrow. There are 
excellent, good and bad bows, and all of them 
shoot arrows. To differentiate among them it is 
desirable to establish some criterion of quality, 
and one element of this criterion we call cast. 
Cast may be defined as the property of a bow 
that enables it to impart velocity to an arrow, 
and it may be expressed in terms of the velocity 
that it imparts to an arrow of stated mass. 
However, since arrows of different masses acquire 
different velocities when shot from the same 
bow, the most complete picture of cast of a given 
bow is the graph showing the relationship be- 
tween the mass of an arrow and the velocity 
given to it by the bow. 

The archer is concerned not only with cast but 
also with the effort needed to produce that cast. 
To draw a heavy bow requires great muscular 
exertion. When this becomes excessive it is 
detrimental to accuracy. The archer therefore 
should use a bow that will propel an arrow with 
high speed, but with minimum energy input to 
produce the speed. The general problem, then, 
of portraying excellence as applied to bows 
resolves itself into an understanding of how a 
bow casts an arrow and what specific things 
contribute to high efficiency. We know, of course, 
that all the energy put into a bow in drawing it 
does not reappear in the arrow as kinetic energy. 
Some of it remains behind. The efficiency of a bow 
is the ratio of the kinetic energy of the arrow as it 
leaves the string to the energy imparted to the 
bow by the archer as he brings it to full draw. 

Bows are usually made of wood or of a combi- 
nation of wood and other materials which have 
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Fic. 2. Force-draw curve for a bow. The area under the 
curve is a measure of the energy input. 


been thought or found suitable. Among them 
are fibrous materials of high tensile strength 
which may be glued to the back, or convex 
surface, of the limbs, and materials of high 
compressive strength which may be glued to the 
belly, or concave surface. Most of the materials 
of which a bow is made are of:organic origin, and 
their elastic behavior is somewhat indeterminate. 

The first cause of reduction in efficiency of a 
bow is elastic hysteresis. For any bow we may 
plot a curve with force as ordinates and length 
of draw as abscissas. This is called the force-draw 
curve for the bow (Fig. 2). Its shape depends 
mainly on the dimensions and geometry of the 
bow. A bow with long limbs, straight in their 
relaxed condition, has a force-draw curve that is 
nearly linear. If its limbs are straight, but set 
backward at the handle, the force increases more 
rapidly at the beginning of the draw and less at 
the end, than that of the first. If a straight bow 
has taken a set from much shooting, its draw 
starts with a reduced rate of increasing force, 
and shows stiffening towards the end. A straight 
bow with backwardly curved tips, or ‘‘ears,”’ 
yields a curve similar to the one with the limbs 
set back. A strongly reflexed bow, of the Turkish 
type, starts with an exceedingly stiff draw, which 
eases greatly towards the end. All of these types 
are illustrated in Fig. 3. 

C. N. Hickman*® has designed a bow in which 
the limbs are bent backwardly on a circular arc, 
secured to the rigid handle at a forward angle of 


3’ Hickman, U. S. Patent No. 2,100,317. 
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about 45°. This bow has a particularly interesting 
force-draw curve, showing characteristics similar 
to those of the Turkish bow but accentuated. 
The first part of the curve rises steeply, then 
nearly levels off, and again begins rising. The 
length of draw should be such as to fall within 
the slowly-rising part of the curve. 

Since the energy input, and therefore the 
energy available for propelling the arrow, are 
represented by the area under the force-draw 
curve, it is evident that a study of the curves 
may teach us things about desirable geometric 
arrangements of the bow limbs. We must bear 
in mind, however, that the energy input curve 
does not tell us how much of that energy gets into 
the arrow. To be sure, the more energy we can put 
into the bow, the more will there be for us to 


Fic. 3. Types of bows of which all except K are in 
common use. A, straight. B, reflexed. C, type A after it 
has taken a set or “‘followed the string.’’ D, type A, B or C 
when ‘‘braced”’ or strung; they differ only in their force- 
draw curves. E, straight limbs set backward. F, type E 
braced. G, straight limbs with ‘“‘ears.’’ H, type G braced. 
a, — type, strongly reflexed, with ‘‘ears.’’ L, type K 
braced. 
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‘‘play with” in our endeavor to transfer as much 
as possible to the arrow. 

The force-draw curve shows the value of the 
long draw. Each inch of draw near the end con- 
tributes vastly more to the stored energy than 
an inch near the beginning, except for special 
shapes of bows. For the ordinary long bow the 
energy input is proportional to the square of the 
draw. 

If the bow is kept at full draw for an appreci- 
able length of time, the force corresponding to 
this amount of distortion ordinarily diminishes. 
The bow ‘‘lets down.’’ Suppose we plot the curve 
step by step, starting with zero force and exten- 
sion, increasing the load, holding at full draw 
for an arbitrary period, say 2.5 sec, and then 
decreasing the load to zero. Almost invariably 
we find that the force for a given draw is smaller 
with decreasing than with increasing load. Al- 
though Ihave made many measurements on many 
bows, I have found only one in which the hysteresis 
was not measurable by the method employed. In 
most bows it lies somewhere between 5 and 20 
percent. It is thus apparent that to produce a 
superior bow we must start with material in 
which the hysteresis loss is negligible. 

The force-draw curves showing hysteresis 
(Fig. 4) were obtained with the aid of a 16-mm 
motion picture camera, operating at 16 frames 
per second. The bow is supported on a dyna- 
mometer consisting of a steel or brass ring, 
within which is mounted a 100-div dial gage on 
which each division corresponds to 0.0001 in. 
The ring is calibrated by means of known 
weights. It is adjusted to read 20 div/kg, and its 
accuracy is +1 div or +0.05 kg. 

The device for drawing the string is hooked 
over the latter in about the manner in which the 
three drawing fingers would be used in shooting. 
Attached to this device is a yardstick on which 
the displacement can be read at the intersection 
of its scale and the back of the bow. The bow is 
supported horizontally, and the string is drawn 
downward by means of a rope passing over a 
pulley. As the bow is drawn, the camera photo- 
graphs the entire process from the beginning of 
the draw through the pause at full draw and back 
to zero force. The frames of the film provide the 
time scale, and each frame yields a pair of 
values for force and draw. This method of ob- 
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Fic. 4. Hysteresis loop for a bow of laminated bamboo, 
showing an energy loss of about 12 percent. 


taining the hysteresis characteristic is much 
faster than a step-by-step method in which the 
draw has to be held steady while the dynamom- 
eter is being read. Hence the motion picture 
method more closely approximates actual shoot- 
ing conditions. In shooting, the arrow is seldom 
held at full draw as long as 2.5 sec, and upon 
release the string returns to its zero position in a 
few hundredths of a second. It is probable that 
the hysteresis loss measured by the method 
described is somewhat higher than it is when the 
bow is normally drawn and loosed. From the 
hysteresis curve (Fig. 4), the loss is determined 
by means of a planimeter. 

Let W denote the energy required to bring the 
bow to full draw, and let 7 represent the fraction 
of input energy remaining after deduction of the 
hysteresis loss. The quantity rW is therefore the 
energy available for propelling the arrow. Since 
the sound produced and the loss by air resistance 
to the limbs and string are negligible, it is 
proper to assume that all the available energy 
rW is divided between the kinetic energy of the 
arrow and the kinetic energy of the limbs and |. 
string at the instant the arrow leaves the string. 
Although the acceleration of the arrow is vari- 
able, as is also the velocity of each element of 
mass in the limbs and string, it is the partition 
of kinetic energy between the bow and the 
arrow at the instant the latter leaves the string 
upon which we fix our attention. 

If a bow were to have an efficiency of 100 
percent, not only would it have to be free of 
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Fic. 5. Velocity of an arrow as a function of mass. 
k=190 gr. 


hysteresis loss, but the kinetic energy of the 
limbs and string would have to be zero at the 
instant the arrow leaves the string. Since this is 
impossible, the best we can do is to strive toward 
increasing the kinetic energy of the arrow and 
decreasing that which remains behind after the 
arrow has taken its departure. 


VIRTUAL MASS OF A BOW 


In considering the possibility of improving the 
efficiency of a bow—aside from the obvious 
necessity of using the best possible materials 
from the standpoint of hysteresis loss—a most 
useful concept is that of virtual mass.* This I 
define as a mass which, if it were moving with 
the speed of the arrow at the instant the latter 
leaves the string, would have precisely the 
kinetic energy of the limbs and the string at 
that instant. Letting K represent the virtual 
mass of a bow, we may write 


rW=3(m+K)r’, (1) 
where m is the mass of the arrow and v is the 


‘This discussion of virtual mass appears here as the 
first publication on the subject. It developed under the 
editor’s benign prodding for an informative paper on bow- 
and-arrow physics, which caused me to review experi- 
mental data that had lain dormant in my workbooks for 
more than ten years. I had previously discovered the em- 
pirical relationship, which held for most bows I had tested, 
that the velocity of an arrow is inversely proportional to 
the cube root of its mass. If Eq. (1) is used to evaluate v 
and m for several values of rW and K, corresponding to 
different bows, and the products of v and m! are plotted 
as a function of m, the curves are flat over the ranges of 
values of m and K employed in practical archery. 


corresponding velocity. If K is independent of 
the velocity of the arrow as it leaves the string, 
then Eq. (1) enables us to determine the curve 
of cast for a particular bow—namely, the curve 
of v versus m—provided the available energy rW 
is known. That the virtual mass K is in fact a 
constant, has been determined in many measure- 
ments with a large number of bows. These 
measurements consisted of determining by means 
of a high speed spark chronograph, the veloci- 
ties imparted by the bow to six arrows rang- 
ing in mass from 250 to 700 grains (Fig. 5), in 
steps of 75 grains.® This range includes practically 
all masses of arrows used with target or hunting 
bows, as well as most flight arrows. If we meas- 
ure two velocities v corresponding to two masses 
m, differing preferably by several hundred grains, 
we can eliminate K from Eq. (1) and solve for 
rW, thus obtaining a check on the value of rW, 
determined as previously described. The values 
of rW thus found are usually higher than those 
obtained by either the photographic or the step- 
by-step method, indicating that the available 
energy in actual shooting is somewhat higher 
than that determined by the slower methods. 
Having established the constancy of the vir- 
tual mass K for a given bow, we can usefully 
employ this new concept in considering several 
well-known facts that come out of the archer’s 
experience but the explanation of which has been 
obscure. When shooting at distant targets, say 
at 100 yd—a standard distance used in the 
York Round—it is desirable to use a bow of high 
cast to avoid such great initial elevation of the 
arrow as to make aiming difficult. To achieve 
a flat trajectory, archers have been known to 
use bows of greatly increased “‘weight’’ and have 
been disappointed when they have found only 
slight improvement in cast. Other archers who 
devote their efforts to increasing the maximum 
distance to which they can shoot an arrow, have 
found, to their surprise, that doubling the 
“weight” of a bow by no means doubles the 
distance. They are doing rather well when 
doubling the “‘weight”’ increases the distance by 


5 Until recently archers expressed masses of arrows in 
terms of shillings and pence, which were used as balance 
weights by arrowsmiths in England. In this country the 
grain is now employed as the unit (15.4 grains=1 g; 
437.5 grains=1 oz). 
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20 or 25 percent. These observations from ex- 
perience are explicable in terms of virtual 
mass (Fig. 6). 

When the virtual mass K of a bow is large, 
that is to say, comparable to the mass m of the 
arrow, the efficiency of the bow is about 50 
percent. If K equals 4m, the efficiency of the 
bow is 75 percent, for this represents the division 
of kinetic energy between the mass of the arrow 
and the virtual mass of the bow. If, finally, the 
virtual mass of the bow exceeds that of the 
arrow, the efficiency of the bow will be less than 
50 percent for that particular arrow. As the 
mass of the arrow is increased, regardless of the 
virtual mass of the bow, the efficiency for that 
particular combination is likewise increased. 

The recoil, or kick, of a bow is found by ex- 
perience to be small in bows of good cast, and 
large in sluggish, heavy bows. This is clearly a 
matter of efficiency. If the virtual mass is large 
in relation to arrow mass, the large amount of 
energy retained in the bow must somehow be 
dissipated, hence recoil becomes noticeable if 
not annoying. I have seen archers shooting 
heavy, steel bows, with sponge rubber padding 
in the hand to absorb recoil. By contrast, the 
recoil of a yew target bow of small virtual mass 
is scarcely perceptible. Doubtless this adds to 
the enjoyment of shooting. 

Another demonstration of recoil is the catas- 
trophic result of loosing a string without an 
arrow—an accident that sometimes occurs when 
the arrow falls off the string because of an ill- 
fitting or broken nock. In this case the bow must 
dispose of all the energy unaided; almost in- 
variably the bow breaks. If it does not, excessive 
strength and hence excessive virtual mass are 
indicated. 

The reduction of K to its minimum is ob- 
viously desirable, but a lower limit is set by the 
fact that finite mass in the limbs and string of a 
bow is indispensable for the storage of the 
energy with which the arrow is to be propelled. 
Thus the only possible way of reducing K, 
other than by reduction of mass in the limbs, 
is to design the bow so that the velocities of the 
particles comprising the limbs and string shall 
be as small as possible at the instant the arrow 
leaves the string. 
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Fic. 6. Family of curves computed from Eq. (1). For 
values of rW other than 1000 ft pdl, multiply V by 
(rW/1000)}. 


Much can be and has been done in this direc- 
tion. Whatever the design, it must provide for 
keeping the tensile, compressive and shearing 
stresses at values that are well below the some- 
what indefinite elastic limits for such stresses. 
To produce a bow having maximum cast with a 
minimum of materials is like skating in the 
vicinity of a thin spot in the ice. You approach 
as closely as possible, hoping you won’t break 
through. It is a compromise between using as 
little material as one dares, to produce a small 
value of K, and using as much as one must, 
to avoid the hazard of breakage. This indicates 
some of the difficulty in producing a durable bow 
which, for its ‘“‘weight”’ at full draw, has little 
hysteresis loss and great durability. If one is 
satisfied with a sluggish bow of low efficiency, 
the construction is not difficult, but for ex- 
perienced archers the result would not be 
satisfying. 


FIGURE OF MERIT OF A BOW | 


Starting again with Eq. (1) and assigning zero 
value to m, we obtain 


v= (2rW/K)}. (2) 


This equation establishes a figure of merit of a 
bow from the standpoint of cast. It represents 
the limiting velocity that the bow could im- 
part to an arrow approaching zero mass. Ob- 
viously no arrow shot with this bow could 
achieve higher velocity than that given by 
Eq. (2). In the light of what has been said about 
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TABLE I. Effect of doubling the ‘‘weight’’ and virtual mass of a bow on the velocities of arrows of different masses. 


Mass of Bow A: 45 lb; Ki =0.035 Ib; 
arrow, available energy, 1200 ft pdl 


m | m+Ki v2 
(Ib) | (Ib) (ft?/sec?) 


0.050 | 0.085 
‘060 (095 
‘070 ‘105 
‘080 | 115 
‘090 


m1 
(ft/sec) 


28300 168 
25300 159 
22800 151 
20800 144 
125 19250 139 


the fact that a certain amount of available 
energy in the limbs implies a certain minimum 
value of K, Eq. (2) shows that increasing the 
“‘weight”’ of a bow by increasing the width of its 
limbs does not appreciably change the figure of 
merit. We are assuming here that no other di- 
mensions are changed, since, if the bow is 
properly made, we may neither .increase its 
thickness, nor decrease its length, without risk 
of breakage. Consequently, doubling the width 
without changing any other dimensions would 
also approximately double the value of K, and 
hence would leave the figure of merit unchanged. 
This does not mean that there is no advantage in 
doubling the weight of a bow, as is quickly 
demonstrated by computing velocities of arrows 
of several masses shot with two bows, one of 
which has double the ‘‘weight’’ and double the 
virtual mass of the other. The result is shown in 
Table I. This table, which is based on assumed 
values of m, K and w that are well within the 
ranges of those used in practice, shows clearly 
why doubling the weight will not increase the 
velocity by more than a small fraction of the 
factor of increase in ‘‘weight.”’ 

An approach to the problem of the limiting 
velocity of a given bow with m approaching zero, 
is to consider the symmetrical limbs of a bow 
from the standpoint of the free period of vibra- 
tion of the limbs when the handle of the bow is 


RADIUS= Pp — 


Fic. 7. The maximum fiber stresses in a bow are directly 
proportional to the distances of the outermost fibers from 
the neutral axis and to the curvature 1/p. 


Bow B: 90 lb; K2 =0.070 Ib; 
available energy, 2400 ft pdl 
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solidly clamped in a vise. For a given set of 
dimensions of the bow limbs there is a certain 
period of vibration. If it be assumed that the 
dimensions of the limb represent limiting values 
below which we may not safely go, the only way 
to increase the stiffness of the limb is to increase 
its width. Increasing the width, however, does 
not further decrease the period, a conclusion 
that bears out the reasoning regarding the figure 
of merit of two similar bows, one of which has 
double the ‘‘weight”’ of the other. 


CONSIDERATIONS IN BOW DESIGN 


Among the optimum conditions to be met in 
a bow so that it may have minimum virtual 
mass are uniform stress distribution and uniform 
energy density in the limbs. Consider any given 
section in a bent limb. Let the distance from the 
neutral axis of the section to the outermost 
fiber on the compression (belly) side be d, and 
the distance to the outermost fiber of the tension 
(back) side be d, (Fig. 7). The stresses in these 
outermost layers are directly proportional to 
the aforementioned distances and inversely pro- 
portional to the radius of curvature p at the 
point in question. Hence to achieve uniform 
compressive stress in the belly, the ratio d./p 
must be uniform for the entire length of limb; 
and to achieve uniform tensile stress in the back, 
the ratio d,/p must likewise be uniform through- 
out the length of limb. 

In wood samples tested at the U. S. Forest 
Products Laboratory and elsewhere, the strength 
in tension is between two and three times as great 
as that in compression. It follows that, for any 
given radius of curvature, the distance d; should 
be less than the distance d.. 

In the traditional English longbow the re- 
quirements mentioned are far from being met. 
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PHYSICS OF BOWS AND ARROWS 


The cross-sectional shape of the English longbow 
is something approaching semicircular, with the 
flat part of the section constituting the back, or 
tension, side of the bow, and the rounded portion 
constituting the belly, or compression, side. 
There are variations from the circular shape on 
the compression side, and there has been much 
discussion among old-time bowyers and archers 
whether the correct shape is a semicircle or a 
parabola or some other curve. None of these, 
obviously, is correct. If we sketch the cross 
section and remember that the neutral axis 
passes through the center of mass of the section, 
we see that in all these sections the neutral axis 
is farther from the rounded, or compression, side 
than it is from the flat, or tension, side. It puts 
excessive stresses in section areas least able to 
withstand them. Furthermore, the area of section 
available to take the compressive stresses at the 
outermost fiber is greatly reduced by the round- 
ing. Thus the section of the English longbow 
(Fig. 8) is about as wrong as.can be. The conse- 
quence of this design is that the wood is usually 
overworked in compression and underworked 
in tension. Compression failures are usual and 
are avoided only by making the limbs so long 
that the radius of curvature is:kept large. An- 
other defect is that, because of the failure to 
adhere to the principle of uniformly stressing 
the sections, the radius of curvature of the bent 
limb at full draw is, in most cases, a variable 
one with shorter radii and consequent excessive 
bending in certain portions of the limb, with 
very little in others. For the reasons mentioned, 
much of the wood is stressed far below safe 
limits of strength. This, together with the large 
length of limb, makes for large virtual mass and a 
sluggish-acting bow. 

Any engineering handbook shows that a 
cantilever of uniform strength in bending, with 
the load concentrated at the end, may be de- 
signed in one of several ways. One possible 
design is a beam of constant thickness, tapering 
in width from maximum at the point of support 
to zero at the end, its shape an isosceles triangle. 
Such a beam, when a load is applied at its 
end to produce a small deflection, bends in a 
circular arc, provided the material is homoge- 
neous. This fulfils the requirement of uniform 
stress in tension and compression at any section. 


ng ae 


(2) (6) © 


Fic. 8. Section of limbs of bows showing relative dis- 
tances of outermost fibers from neutral axes. (a) Section 
of the traditional English bow. (6) Bow of rectangular 
section. (c) Bow of trapezoidal section, in which the 
stresses more nearly approximate the ultimate strength 
characteristics of wood. : 


A first approximation to scientific bow design 
would therefore appear to be to start with a 
rigid section in the middle, supporting the two 
limbs, each of constant thickness throughout its 
length, and in the shape of an elongated isosceles 
triangle tapering from its maximum width at its 
root, or base, to zero width at its tip. 

A limb of this description was found by Hick- 
man to have a free period of vibration, when 
firmly clamped at its widest point, appreciably 
shorter than the period of a bar of any other 
design for which the deflection under a given 
load is the same. A bow with such limbs, straight 
from end to end in the completely relaxed condi- 
tion, is therefore a probable close approach to 
one with minimum virtual mass. 

To make a practicable bow based on the design 
just mentioned, clearly requires that as the tip 
of the limb is approached its width be kept 
greater than if the shape were an elongated 
isosceles triangle. The width at the tip where the 
string is attached must be finite, first, so that 
there may be sufficient material to support the 
string, and second, to assure stability of the 
limb, without tendency to twist or distort 
laterally when the bow is drawn. Another de- 
parture from the isosceles triangle is suggested 
by the fact that the constant radius of curvature 
holds for small deflections only. Since thé condi- 
tion of maximum stress obtains when the bow 
is fully drawn, that is, when the load at the end 
is very large, we must determine the width at 
any particular section so that the condition of 
uniform stress is achieved when the radius of 
curvature is fairly small. This is accomplished 
in a graphical design worked out by the writer; 
it is based on Hickman’s finding that the tip of a 
circular-bending, straight limb moves in a path 
approximately circular, with radius three-fourths 
the length of the limb and center on the limb 
at a point one-fourth the length of the limb 
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measured from its base. This interesting fact 
makes it possible to set the specifications of the 
bow in advance and by methods of geometry to 
determine the dimensions to meet the specifica- 
tions. The construction depends also on the 
fact that in a drawn bow the force in the string 
is the same throughout, so that the bending 


moment at a given section is the product of the 
force in the string and the perpendicular dis- 
tance from the string to the section in question. 
For uniform stressing—since the bending mo- 
ment at any section must be balanced by the 
elastic torques at the section—the area of the 
section must be proportional to the bending 
moment at that section. Since the thickness of 
limb is constant, it follows that the width at the 
section in question must be proportional to the 
distance of its neutral axis from the string. A 
typical layout following the principles here 
discussed is given in Fig. 9. 

A bow designed according to these principles 
performs very much as one might expect from 
theoretical considerations. The limbs may be 
made shorter than those of the English type 
longbow by 15 or 20 percent, with less hazard of 
breakage. The shorter, thinner limbs have 
greatly reduced virtual mass, and consequently 
the bow has much higher efficiency than the old 
style bow. Where, in the older design of bow a 
rigid section was used barely long enough to 
provide for a hand grip that gradually merged 
into the bending limbs, the new design employs a 
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Fic. 9. Scientific design of a bow. B7, 
the limb, divided into ten equal sec- 
tions. R, center of path of T, of radius 
tl={BT]. EP, the arrow, of length g. 
CP, “bracing height”’ h of the string. 
CA, [=ET’], upper half of the string. 
Arc BT’, the drawn limb; it is the arc 
of a circle of radius 7, with the center 
on the perpendicular BF to BT and 
on the perpendicular bisector of chord 
BT’. The points indicated by primed 
letters correspond to those with un- 
primed letters on the straight limb. 
The lengths B1, G’2, H’3, --- give the 
proper scale of widths of the limb at 
the corresponding points. 


long rigid section which, in fact, may be made of 
such length that the over-all length of bow is 
still that of the English longbow. It may be said 
parenthetically that the force-draw curve for a 
longbow is nearly linear. The experienced archer 
likes the ‘“‘feel’’ and behavior of such a bow. 
The long rigid section with the shorter limbs 
makes it possible to use limbs of equal length 
and have the arrow ‘‘nocked’”’ at the midpoint 
of the string. In the English longbow design the 
lower limb was usually made 2 in. shorter than 
the upper and considerably stiffer, so that 
neither the undrawn nor the drawn bow mani- 
fested symmetry of its limbs with reference to 
the axis represented by the arrow. 

Tests of many bows showed substantially 
increased cast and efficiency for the new design. 
An interesting side light is the fact that as late 
as 1932 practically all bows used in tournaments 
were of the English longbow type. The design 
had come down through generations of bowyers 
from the period in English history in which the 
archer was the invincible warrior. A tradition of 
such long standing dies hard. Nevertheless, the 
following five years, as a result of the publica- 
tion of a number of articles pointing out the 
defects of the traditional design and the ad- 
vantages of the new, witnessed a gradual change 
at the tournaments to bows in which the rec- 
tangular cross section was used. Today the 
English design of longbow is a rarity at American 
tournaments. 
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PHYSICS OF BOWS AND ARROWS 


Limitation of space excludes many details 
that might prove interesting, particularly about 
the elastic properties of different kinds of wood 
with specific reference to their utility in bows. 
It must suffice to say that in America we have 
only two or possibly three native kinds of wood 
which are particularly well suited for the making 
of bows. They are the western yew, the osage 
orange and, for the lighter bow, the Tennessee 
red cedar. Ash, hickory and other kinds of wood 
are inferior because of large hysteresis and 
because they take a permanent set much more 
quickly than the other kinds of wood mentioned. 
Beginners’ bows are usually made of a Cuban 
wood—degame—called lemonwood because of its 
color. It is the cheapest of the bow woods but 
vields bows of fair quality, though quite in- 
ferior to those of yew and osage orange. We 
cannot dwell on the merits of the individual 
species of wood. A stave of sufficient length to 
make a bow of either yew or osage orange, free 
from knots, pins, bear scratches, wind shakes 
and other imperfections and with proper physical 
characteristics, is a rare and beautiful article. 
An archer-craftsman will readily pay anywhere 
from $5.00 to $20.00 for such a stave in the 
expectation that from it he may be able to 
fashion a superlative bow. Sometimes he suc- 
ceeds; more often he is disappointed. 

In addition to the so-called self bows which 
are made of a single kind of wood throughout, 
there are laminated bows in which several kinds 
of wood may be glued together in strips with the 
purpose of utilizing the tensile and compressive 
strengths of each to best advantage. Then there 
are composite bows in which fibers of high 
tensile strength, such as shredded sinew laid 
in glue, constitute the back, while horn—superb 
material for compressive strength—is used for 
the belly. The bows of Ghengis Khan and his 
hordes were of the composite type. The superior 
properties of sinew and horn over wood make it 
possible to use much shorter limbs and to bend 
them on a much smaller radius than can be 
done with bows made solely of wood. Turkish 
bows of four centuries ago still hold the record 
for distance. In terms of the concept of virtual 
mass any bow, whatever the shape of its limbs, 
has very high cast only if its virtual mass is small. 
In a strongly reflexed bow such as the short 
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Turkish type, the seemingly massive ends of the 
limbs are moving with small velocity at the 
instant the arrow leaves the string; notwithstand- 
ing the apparent massiveness, the virtual mass 
is small. 

A major contribution to improvement in the 
straight type of bow is that of Hickman’s, who 
recognized the virtue of the elastic properties 
and strength of silk, and devised a method of 
producing backing strips consisting of unspun 
silk fibers laid in glue. In 1934 the writer pointed 
out that when sinew or rawhide are used for 
backing, they should be applied and secured 
under tension, to assure their best contribution 
to the performance of the bow. The same pro- 
cedure is employed in applying silk as backing. 
The silk replaces a larger mass of wood than its 
own and stores more energy per unit mass; 
hence it makes possible a bow of smaller virtual 
mass. Further reduction of virtual mass may 
be expected from the use, both for tension and 
compression, of synthetic materials which have 
been and are being developed during the war 
years. A synthetic material having the com- 
pressive strength and elastic properties of water 
buffalo horn—which is difficult to obtain and 
more difficult to process—would be a great 
contribution to bow making. 


ARROWS AND THE ARCHER’S PARADOX 


Earlier in this article certain facts were men- 
tioned regarding the strength and other char- 
acteristics of wood which make it especially 
suitable for arrows. The high acceleration— 
several hundred times that of gravity—en- 
countered by the arrow as the string urges it 
forward makes stiffness imperative and,strength 
desirable. Buckling of the “‘column effect’ type 
should be minimized; but if buckling does take 
place there should be no breakage. On the other 
hand, the arrow must not be too stiff, otherwise 
it will deviate from the line of aim. It will also 
deviate from this line if it is not stiff enough. 
These comments regarding stiffness may be 
summarized by saying that, with respect to 
stiffness and mass, the arrow must be matched 
to the bow if it is to fly accurately in the direc- 
tion in which it is aimed. The reason for these 
requirements will appear as we consider the 
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phenomenon which for a century or more has 
been known as the archer’s paradox. 

Imagine a bow to be held vertically with an 
arrow on the string passing the bow on the left 
side of the latter as the string is drawn back. 
Suppose further that at full draw the bow and 
arrow are so oriented in azimuth that the axis 
of the arrow lies in the vertical plane containing 
the mark to be hit. Now suppose the bow to be 
maintained rigidly in that position and the string 
to be let down gradually by diminishing the force. 
The string moves forward in the median plane 
of the bow. Observing the tip of the arrow, we 
note that as the arrow approaches the undrawn 
position its tip moves markedly to the left. 
The axis of the arrow therefore points very 
appreciably—perhaps 5° to 7°—to the left of 
where it was aimed. Now, if all conditions are 
kept as they were except that the arrow is 
fully drawn and loosed in the regular manner, 
it will fly accurately to its mark. The archer’s 
paradox is the fact that it does fly to its mark 
instead of on a line represented by its axis when 
the string has been gradually let down. This is 
illustrated in Fig. 10. 

The explanation of the archer’s paradox was 
found by means of high speed spark photog- 
raphy which the writer undertook in 1932 to 
secure direct evidence of what the arrow does as 
it passes the bow. An electric circuit included a 
9-uf condenser, charged to 5600 v with rectified 
alternating current, and a spark gap of mag- 
nesium blocks mounted in a 12-in. reflector. The 
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Fic. 10. Illustrating the 
archer’s paradox. 


discharge of the condenser across the gap pro- 
duced sufficient actinic light to give fully ex- 
posed negatives on the fastest photographic 
plate obtainable at that time. Two cameras were 
set up, one to photograph the arrow from directly 
above (Fig. 11), the other to obtain correspond- 
ing side views of the bow discharging the arrow. 
For any particular shot the discharge of the 
condenser was triggered by a small auxiliary 
spark gap within the larger one. The arrow 
penetrated a screen consisting of a sheet of 
waxed paper having tinfoil on both sides, thus 
closing a circuit that discharged the condenser 
through the primary of an air core transformer, 
to cause a secondary discharge across the trigger 
gap. Successive photographs of a given arrow 
shot from a given bow were obtained by placing 
the circuit-closing screen at increasing distances 
in successive shots. The pictures thus obtained, 
one set of which is reproduced in Fig. 12, show 
that as the string leaves the fingers the arrow is 
given a lateral impulse at its feathered end. 
At the same time the tip of the arrow is given a 
lateral impulse in the same direction by the 
side of the bow. These lateral forces are sufficient 
to start an oscillation of the arrow about two 
nodal points. The arrow oscillates not only 
while it is passing the bow but for an appreciable 
number of cycles after it has left the string. An 
arrow which is properly matched to the bow has 
a period so related to the time required for it to 
pass the bow that it apparently ‘“‘snakes’’ its 
way around the handle without once touching 


Fic. 11. Speed-flash photograph in a series 
from which Fig. 12 was compiled. The camera 
pointed nearly vertically downward, with 
shutter open, in a darkroom. The arrow re- 
leased the flash at a predetermined point of 
its path. 
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Fic. 12. The archer’s paradox explained by speed-flash 
photography. Note the oscillation of the arrow, so syn- 
chronized with its motion past the bow that the arrow 
bends its way around the bow grip without touching the 
latter. 


the bow after the first lateral impulse at the tip. 
Figure 13 will help in visualizing how this occurs. 
The oscillation of the arrow takes place about the 
line of aim, and since there is no interference to 
its passage by rubbing or striking the bow, it 
flies in the direction in which it was aimed. 
High speed motion pictures by Hickman bear 
out the findings from spark photographs. 
Although conceivably any arrow of appro- 
priate physical characteristics can ‘“‘snake’’ its 
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way past any bow handle, the violence of bend- 
ing at the instant of release may be eased in 
one of several ways. Thereby the probability of 
smooth departure and flight is increased, by 
reduction of amplitude of the oscillation and of 
interference between the arrow and the bow 
handle. One help is to narrow the handle at the 
arrow passage to reduce the ‘‘detour’’ which the 
arrow must make. Another is to build up the 


handle on the arrow side of the bow, so that the 


direction of the force supporting the bow is 
shifted off the plane of symmetry of the bow 
and is made to coincide more nearly with the 
axis of the arrow. The result can also be ac- 
complished by scraping the limbs so that they 
are slightly unsymmetrical relative to the plane 
of symmetry of the bow, and are thereby made 
to exert a force in the direction of the axis of the 
arrow. However, oscillation cannot be com- 
pletely eliminated because of the sideward im- 
pulse on the nock of the arrow as the string 
slides off the fingers. 


SPINE OF AN ARROW 


It can now be readily understood that an 
arrow which is not properly matched to the bow 
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Fic. 13. Schematic representation of the phases of the 
arrow in its passage by the bow, based on the evidence 
from speed-flash photography. Figure 12 does not show 
the first four phases of Fig. 13. 
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is either too stiff or too limber for that particular 
bow. If it is too stiff, it oscillates too rapidly, or 
there is so little amplitude that it does not 
properly clear the bow, causing deflection to the 
left of the line of aim (assuming right-handed 
shooting). If it is not stiff enough, the feathered 
end fails to move leftward out of the way of the 
handle as it passes the latter and, consequently, 
strikes the handle. An error to the right results. 
For proper matching, then, the arrow should 
have completed about one full cycle of oscilla- 
tion by the time it leaves the string. All of this 
leads us to a consideration of the property of an 
arrow Called spine. 

When an arrow is shot at long range, the 
probability of hitting the mark is increased if the 
velocity is high, because a relatively flat trajec- 
tory makes precise aiming less difficult. As we 
have seen, high velocity for a given bow is 
achieved when the mass of the arrow is small. 
Small mass, on the other hand, reduces the 
energy transferred from the bow to the arrow so 
that less is available for overcoming air resist- 
ance. Furthermore, a very strong bow with 
which high velocity can be produced in an arrow 
of larger mass, is for most archers incompatible 
with accuracy of shooting. All of these facts are 
cited to show that the optimum conditions for 
accurate shooting involve a number of com- 
promises among things desirable and things 
practicable. On account of the improved proba- 
bility of hitting with an arrow of high velocity, 
we must compromise on using an arrow of 
reduced mass, but this in turn requires that, 
despite lightness, it shall have adequate strength 
and stiffness. These happen to be the same 
characteristics which, in combination, give an 
arrow the quality known to the archer as ‘‘good 
spine.” 

Spine is somewhat difficult to define because 
any quantitative expression which would char- 
acterize it would not uniquely establish the 
quality of a particular arrow. This follows be- 
cause the “take-off” and flight characteristics 
of an arrow are not uniquely determined by the 
properties of the arrow itself but in part by the 
bow with which it is shot. In general, the stiffer 
and lighter the arrow, the better it is, so long 
as it is properly matched to the bow with which 
it is to be used. Since matching to a bow requires 
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that, in a manner of speaking, the arrow should 
be able to “‘oscillate its way’’ past the bow, it is 
logical that the frequency of the arrow vibrating 
freely about two nodes with a loop in the middle 
and two half loops at the ends, should enter into 
a specification for spine. Furthermore, since the 
period of the oscillation must be synchronized 
with the passage of the arrow along the arrow 
plate of the bow, and since this time of passage 
is related to the mass of the arrow, this mass 
should also enter the definition. For a particular 
arrow, then, we may say that the spine S should 
be directly proportional to the frequency f and 
inversely proportional to the mass m of the 
arrow, or 


S=kf/m. (3) 


Although the frequency of the shaft can be 
measured, stroboscopic or other elaborate ap- 
paratus is needed. Equation (3) is therefore a 
defining formula rather than one also directly 
adapted to measurement. 

It has been stated that for accurate shooting 
all of the arrows in a set should be as nearly alike 
as possible. It is not difficult to select shafts of 
the same mass by accurate weighing. If, out of 
a large number of such shafts, one selects those 
with the same stiffmess—which can readily be 
done by measuring deflection under fixed load 
with the supports placed approximately at the 
nodal points—and if, further, one selects those 
with the same balance point, it is reasonably 
certain that the finished arrows will be matched. 
Since wood lacks homogeneity, it is possible 
that, despite all these precautions, a few arrows 
wih not have precisely the same flight pattern 
as the others. The final test therefore is prefer- 
ably a shouting test by an expert marksman 
with the bow for which the arrows are intended. 
A well-designed shooting machine may also be 
used to advantage. It can be made to simulate 
hand shooting, but it obviates the human errors 
in drawing, aiming, holding and loosing. With 
such a machine a good bow will shoot a well-made 
arrow with dispersions within 1 in. at 40 yd. A 
well-matched set of arrows will group in a 3-in. 
circle or better at this distance. 

The archer, particularly on his “off” days, 
wonders how much of the variation in his widely 
scattered hits is caused by differences in mass 
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in his arrows. Should they weigh alike within a 
grain, or may they differ by more, without 
appreciable effect on velocity? This question 
may be answered with the aid of Eq. (1), which 
yields the expression v= (2rW/m+K)}'. The value 
of dv/dm obtained from this equation by the as- 
signment of reasonable values to the other 
quantities, considered to be constant, shows that 
a change of 1 percent in m produces only about 
().3 percent change in v. Hence precision weighing 
and adjusting of arrow masses are not required. 

From shooting experience one can reasonably 
well determine the desirable spine characteristics 
of an arrow. It is thus possible to establish in 
advance what relative values of stiffness and 
mass, within some limited range of these values, 
will be best suited for a particular bow. It is 
also possible then to examine the characteristics 
of wood out of which shafts are to be made with 
reference to the probable spine characteristics 
of the resulting arrows. This may be done in 
terms of stiffness of either a cylindrical shaft of 
arbitrary diameter or a square stick of the wood 
having arbitrary dimensions, by measuring the 
density and stiffness. Relative values for spine 
quality of the wood may then be determined by 
taking the ratio of the square of the density and 
the stiffness, expressed in convenient units. 
Thus different samples and different kinds of 
wood may be rated in their order of excellence 
as arrow material. 


THE FLIGHT OF AN ARROW 


As compared with a high velocity bullet which 
has a sensibly flat trajectory up to several 
hundred yards, an arrow is slow-moving indeed, 
so that even at short ranges there is a large 
effect of gravitational force on the trajectory. 
Consideration of the flight of an arrow, particu- 
larly of one shot to achieve maximum distance, 
must take into account this large gravitational 
effect as well as that of air resistance. Thus far no 
work has been published, specifically relating 
to air resistance, that is thoroughly rigorous or 
entirely valid. The air resistance varies approxi- 
mately as the square of the arrow velocity. If 
the proportionality constant for a particular 
velocity were known, it would be feasible to 
compute with fair accuracy the trajectory of an 
arrow having known initial velocity and angle 
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of departure. It could be done by the method of 
short sections, by which the position, angle and 
velocity of the arrow at the end of the section 
are found, assuming constant resistance over the 
entire short distance. Each section is treated 
successively in the same way, with the initial 
conditions established by the computation of 
the preceding section. Equations for this method 
have been worked out but have not been applied 
or checked experimentally. The Didion-Ber- 
noulli method® is also applicable. If reliable data 
on resistance can be obtained—and this is 
feasible by several methods—we should be able 
to predict accurately the elements of the trajec- 
tory of any kind of arrow shot from a bow of 
known available energy and virtual mass. 

All arrows for target and hunting have 
stabilizing vanes, usually made of turkey feathers. 
Since the air resistance to such vanes is quite 
high, flight arrows during the past several 
years have had very small stabilizing vanes of 
Pyralin. Many flight shooters follow the practice 
of rubbing the arrows to a high gloss and then, 
before the shot, giving them an extra polishing 
with graphite. For target shooting this is not 
necessary since the ranges are relatively short. 
Good flight shooters today are achieving dis- 
tances in the neighborhood of 500 yd, and some 
free-style shooting in tournament competition 
has exceeded 600 yd. 

Hunting arrows usually have fairly large 
broadhead points, sharpened to a keen edge for 
penetration. It is difficult to affix these to the 
shaft so that they are perfectly true and sym- 
metrical, and consequently there may be a 
slight steering effect by the broadhead. This is 
usually counteracted by using three and some- 
times four large vanes, symmetrically placed on 
the shaft with great care. In most cases they are 
attached at a slight angle, to accentuate spin- 
ning of the shaft as it flies. To be sure, this 
dissipates energy at the expense of range; but 
the hunting bow is much stronger than the 
target bow and there is energy to spare for the 
distance at which the hunter may expect to 
make a successful shot. This distance for a 
skilful archer may, on the average, be 60 yd or 
less. 


6 Cranz, Lehrbuch der Ballistik, vol. 1, pp. 162-166. 
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PENETRATION OF ARROWS 


A hunting arrow with a properly sharpened 
head and weighing in the neighborhood of 0.07 
to 0.10 lb, with a kinetic energy of 50 to 60 ft Ib, 
has very little shocking power but amazing 
penetration. It will completely penetrate almost 
any large game animal. Since, for a given 
resisting force, depth of penetration varies 
directly as the kinetic energy of the arrow, it is 
better to use a heavy rather than a light shaft 
with a given bow. The reason is, as was shown 
previously, that the heavier arrow takes more of 
the available energy from the bow than does a 
light one. Equations (1) and (2) enable one to 
compute readily the efficiency of a particular bow 
of known virtual mass with arrows of various 
masses. From this information relative penetra- 
tions can be estimated. 


AIMING 


Although the subject of aiming comes last in 
this discussion, it is one of the first things with 
which the archer must become familiar if he is to 
become an accomplished marksman. In target 
shooting, aiming is a most important part of the 


preparation, and it must be done with precision. 
Because of the large effect of gravity on the 
trajectory of the arrow, a system of aiming must 
be worked out in which the line of aim uniquely 
establishes initial elevation and azimuth of the 
arrow to assure its hitting a mark at a particular 
distance. The arrow is usually drawn so that the 
index finger is below the chin, pressing upward 
against the jaw, and with the aiming eye in the 
vertical plane containing the arrow. One method 
of sighting is to look over the tip of the arrow at 
some fixed point, called a point of aim. For short 
distances this is on the ground in front of the 
target; for long distances it is above the target. 
This point corresponds to that particular eleva- 
tion of the arrow which produces an accurate 
hit at the location of the target. The greater this 
distance the greater is the elevation, and there- 
fore the greater is the distance or elevation of 
the point of aim relative to the archer. For a 
given bow and arrow there are two distances at 
which the line of aim, as described, intersects 
the path of the arrow. If the more remote of the 
intersections occurs at the center of the target, 
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its distance is called the point-blank range. For 
greater distances, the point of aim is above the 
mark to be hit. For shorter distances the point of 
aim is below this mark. 

Various sights have been devised. These are 
designed for attaching to the bow. They permit 
direct aiming at the point to be hit. A bow sight 
may be as simple as the head of a pin projecting 
from behind the bow above the arrow, where the 
pin may be held in a strip of adhesive; or it may 
be as complicated as a calibrated slide with fine 
adjustments for the sighting point. However, a 
mechanical sight is ordinarily not suitable for 
distances approaching and exceeding the point- 
blank range. For such cases a sight may be used 
in which the target is viewed through a prism of 
small angle, provided with a fixation mark for 
aiming. Without going into details of construc- 
tion, it may be said that the prism sight is 
perhaps the most convenient of the several types 
of sighting devices, but that many archers still 
use the point of aim, and indicate it by a marker 
set in the ground. The latter method obviously 
requires that the archer stand in a fixed position 
relative to the marker so that successive shots 
will fly alike in azimuth as well as in altitude. 

One source of error in shooting, causing lateral 
deviation, comes from tilting the bow by varying 
amounts from the vertical. Skilful archers have 
habituated themselves to checking the tilt by 
sighting the string on some vertical line, like 
the lines on a building, to keep the bow tilt 
zero or at a constant, finite angle. Another source 
of inaccuracy, causing variations in “length,” 
is the failure to hold at full draw before releasing 
—a malady called ‘‘creeping.”” It comes at the 
part of the draw where small differences cause 
large changes in initial velocity. No refinement 
in sighting means can correct for such faults— 
and others—in the archer’s method. 


EXPERIMENTAL APPARATUS 


Reference was made in the earlier pages to 
experimental methods and measurements, in 
connection with hysteresis data and velocity 
determinations. A brief description was also 
given of the method of timing the illumination 
for photographing arrows in flight. 

Among the items of measuring equipment in- 
dispensable to the scientific archer are the 
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balance, for weighing arrows, and a “spine 
tester,’’ which is actually a stiffness tester. The 
balance should be capable of precision to 0.1 g 
(about 2 grains). Almost any laboratory balance 


of the “triple beam” or “trip scale’ type is 


suitable. Stiffness tests are readily made on a 
set of shafts by the usual laboratory devices for 
measuring flexure of beams under load. For 
measuring the small deflections in these tests 
I have used screw micrometers, an optical lever 
and an improvised multiplying indicator. The 
shaft is placed on supports 24 to 26 in. apart, 
and its deflection measured when a fixed load 
of a pound or two is applied at the midpoint. 

The ballistic pendulum for measuring arrow 
velocity is readily constructed and used, and it 
is ideally suited for the purpose. The bob is 
made of a wooden box with an opening about 
10X10 in. and a depth of 12 in. This is filled 
with sheets of corrugated board, packed tightly 
side by side edge on, with the corrugations run- 
ning in the direction of impact of the arrow. 
The box is supported in the usual way, with two 
similar bifilar suspensions, spread at the upper 
ends to promote stability. Somewhat greater 
accuracy is obtainable with a high speed spark 
chronograph. 

In velocity testing it is desirable to shoot 
under reproducible conditions. An aid to this 
end is a shooting machine, of which various 
experimenters have designed various kinds. All 
have the common features of providing re- 
producibility of length of draw and a mechanical 
release. The clamp for the bow should be ad- 
justable sidewise, to secure flight of the arrow in 
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the direction of aim. As in hand shooting, the 
same interval should obtain, in successive shots, 
between completion of the draw and the instant 
of release. 

High speed photography can still contribute 
materially to an understanding of some of the 
problems of “internal ballistics’ pertaining to 
both bow and arrow. The modern speed-flash 
outfit employing Edgerton lamps immediately 
comes to mind as a superior aid in such studies. 
High speed motion pictures at 1000 frames per 
second should be used to supplement the ‘‘stop- 
motion” speed-flash pictures. This rate is easily 
attained in several designs of motion picture 
equipment. 


CONCLUSION 


Much more could be written on the subject of 
physics as applied to archery. There still remain 
many interesting problems. A bibliography is 
appended for those whose interest suggests con- 
sulting original articles. What has been written 
may perhaps justify an opinion held by this 
writer ever since he became acquainted with 
archery, that, because of the variety of interests 
which it offers, and particularly because of the 
number of problems in physics which it presents, 
archery constitutes an almost perfect hobby for a 
physicist. Its problems range from the simple 
and elementary to those that challenge ingenuity 
and effort to the utmost. Their solution, aside 
from the resulting satisfaction, provides a 
practical guide for correct designs. To the physi- 
cist the results are a gratifying demonstration of 
the efficacy of his science and its methods. 
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HE physics of the phenomena that occur 
when air flows over variously shaped sur- 
faces has come to be known as the science of 
aerodynamics. The use of this name is justifiable 
since the new science deals in particular with the 
dynamics of air flow, but nevertheless its develop- 
ment has constituted the introduction of a new 
field in physics. The progress of theoretical 
aerodynamics has proceeded in a mathematical 
and experimental manner that is entirely com- 
parable to the progress made in other fields of 
physics. Theories have been formed, investi- 
gated experimentally and reformed where neces- 
sary to establish laws of aerodynamic perform- 
ance. A number of obscure and little known 
variables have cropped up, variables that often 
make the mathematical formulation of exact 
laws virtually impossible. It is often the practice 
to handle these variables empirically, after 
having determined their effect experimentally, 
but as the theory grows it becomes apparent 
that the fundamental nature of aerodynamic 
parameters is being established to a greater 
extent. 
The application of the findings in the science 
of aerodynamics to the design of aircraft lies 
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in the field of the aeronautical engineer, and in 
this respect aeronautical engineering has fol- 
lowed the development of other branches of 
engineering. Engineering of any sort is, in truth, 
merely the application of the principles of 
physics for the accomplishment of specific 
design problems. 

It is the purpose of this paper to discuss some 
of the more significant parameters relating to 
airplane performance, to mention the part 
experiment has played in the development of the 
airplane, and to indicate briefly the function of 
some of the modern mechanical devices that 
contribute so materially to the superior per- 
formance of engines and propellers. In general, 
the attempt will be made to show how the air- 
plane has been developed to attain the high 
speeds of today as well as the other remarkable 
performance characteristics it possesses. 


HIGH SPEEDS AT SEA LEVEL 


For flight in air of sea-level density the four 
most important variables relating to an air- 
plane’s maximum velocity are wing loading 
(Ib/ft?), power loading (Ib/bhp), parasitic drag 
coefficient, and wing aspect ratio. 
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Fics. 1 to 3. Parasitic drag coefficient Cp, versus 
maximum air speed at sea level for various values of power 
loading and wing loading. 


The lift and drag forces acting on an airplane 
may be expressed by the equations,! 


L=C .-3pSV? (1) 


and 


D=Cp-4pSV°. (2) 


The drag coefficient Cp may be conveniently 
divided into two parts: the parasitic drag 
coefficient Cp,, and the induced drag coefficient 
Cp;, such that 


Cp = Cppt Copi. (3) 
The parasitic drag is the form drag of the entire 
airplane, including the profile or ‘‘section” 
drag of the wing. The parasitic drag coefficient 


is dependent upon the thickness of the wing 
section used and upon the relative frontal area 


1 See Appendix for nomenclature and units. 
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and form of such parts as the fuselage, landing 
gear, struts and other protuberances. The in- 
duced drag coefficient is a function of aspect 
ratio R and the lift produced by the wing: 


Coi=C1?/rR. (4) 
The power (hp) required to propel an airplane is 
Pr=DV/550, (5) 


and that which is available from the engine and 
propeller considered as a unit is 


P,s=nP», (6) 


where 7 is the propeller efficiency and P, is the 
brake horsepower developed by the engine. It 
is obvious that at the airplane’s maximum air 
speed the powers P, and Pr must be equal; 
that is, 


DV/550=nP». (7) 


From the fundamental equations that have been 
given it follows that 


550n(W/S) (W/S)? 


——_——_———_—__ —-——————Cp,=0. (8) 
(W/P.)($p)V* (Bp)*V4R 

Equation (8) is derived by making use of the 
fact that during the level flight of an airplane 
the lift must equal the weight. Equation (8) 
involves the four parameters previously men- 
tioned in addition to propeller efficiency » and 
air density p. 

Most airplanes have wing aspect ratios R of 
approximately 6, although this ratio may be as 
low as 4.5 and as high as 10, depending on the 
type. However, for the purpose of making a 
general comparison of the high speed charac- 
teristics of airplanes, past and present, it is 
sufficiently accurate to use the common value 
R=6 in Eq. (8). A further simplification in- 
volves the assumption that propeller efficiency 
at high speed is 80 percent, which is typically 
representative. Figures 1, 2 and 3 represent 
Eq. (8) showing the effects of wing loading W/S, 
power loading W/P,, and parasitic drag coeffi- 
cient Cp, upon the maximum speed of airplanes 
at sea level based on these assumptions. It should 
be remembered, of course, that high aspect 
ratios, such as are used on modern transport 
ships and bombers, are also influential in reduc- 
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ing the total drag. Curves similar to those of 
Figs. 1, 2 and 3 could be plotted for other aspect 
ratios. 

The index numbers of the points shown on 
Fig. 4 refer to a few representative airplanes 
described in Table I. These data may be fitted 
into Eq. (8), or more roughly compared to 
Figs. 1, 2 and 3, to determine relative refine- 
ments made in the improvement of aerodynamic 
form and reduction in parasitic drag coefficient. 
The development of the airplane can quite con- 
veniently be traced by reference to Figs. 1, 2, 3 
and 4 and the reason for this steady progress 
explained. 

In the early stages of airplane development 
the main concern was to construct a craft that 
would fly with some degree of reliability without 
too much regard for high speed attainable or 
cargo carrying capacity. Lightweight structural 
materials of high strength were not available, 
and the powerplants employed were heavy and 
of low horsepower. Wing loadings of from 3 to 4 
lb/ft? were average, while power loadings of 
20 lb/bhp or more were common. Most air- 
planes were built without much regard for the 
reduction in parasitic drag that could have been 
accomplished by the fairing of the fuselage and 
struts and by otherwise “cleaning up’ the 
aerodynamic shapes. 

Examination of Fig. 1 reveals that a reduction 
in the parasitic drag coefficient of an airplane of 
comparatively low speed and high power loading 
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Fic. 4. Wing loading versus power loading for 
various types of aircraft. 


will not produce a large increase in the maximum 
speed until the coefficient has been reduced to a 
value of about 0.02. On the other hand, the 
influence of a small change in parasitic drag 
coefficient on maximum speed for an airplane 
that already has low drag is quite great. De- 
pending upon the value of wing loading and 
power loading, the value of the parasitic drag 
coefficient may be of little importance if the 
airplane is not intended to have a high maximum 
speed, or it may be of greatest importance if the 
ultimate in high speed is a design objective. 

Comparison of Figs. 1, 2 and 3 will show that 
for airplanes of given parasitic drag coefficients 
and wing loadings, those airplanes having the 
smallest power loadings will have the highest 
maximum speed. 

It has been pointed out that early airplanes 
were characteristically low powered and very 
poorly streamlined. Designers were forced to 
incorporate large wing areas to produce enough 


TABLE I. Comparative data on airplanes. 


Num- 


Index : Power _ ber of 
number Typeand description of airplane Vintage (hp) 


Early French biplane 1910 50 

World War trainer biplane 1918 90 

Single-seat fighter biplane 1928 425 

Heavy bomber biplane 1928 1200 

Small commercial monoplane 1928 220 

Large commercial transport, 1928 600 
monoplane 

Medium sized commercial 1934 880 
transport, monoplane 

Small commercial transport, 1934 225 
biplane 

Military pursuit monoplane 1941 

Large commercial transport, 1941 
monoplane 

British heavy bomber, 1942 
monoplane 

Light two-place monoplane 1942 
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engines span (ft) area (ft) ratio, R W/S 


Pow Approx. 

Wing loading. —_ Cppat 

Aspect loading, W/P» maximum 
(W/okd) (ni/hr) speed 


24.0 37 0.240 
24.0 75 049 

9.5 153 .038 
13.5 128 046 
15.0 126 045 
16.7 


10.7 


Wing Wing 


46.0 428 
43.6 460 
38.0 353 
90.0 1498 
42.0 294 
74.0 785 


55.0 458 
32.0 273 
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lift for support of the weight at the low forward 
speeds their power could produce. As design of 
the airplane progressed, more refinement in 
aerodynamic form was made and higher wing 
loadings could be employed. During World War 
I the airplane was already recognized as a useful 
military tool, and for the first time types of air- 
planes—pursuit ships, bombers, and so forth— 
were designed to incorporate specific perform- 
ance characteristics. High speed was the object 
for fighter craft, and large carrying capacity 
was of paramount importance for bombers. 
At this stage of development, higher wing load- 
ings, especially on fighter craft, and lower power 
loadings were used. The use of higher wing 
loadings became possible as progress was made 
in structural design, thus making most advan- 
tageous use of the weight going into structural 
members, and by the development of lighter 
materials. The use of lower power loadings 
became common when more powerful but lighter 
engines were produced. 

The gradual emergence of two extreme types 
of airplanes from the common ancestor is indi- 
cated by the curves of Fig. 4. Fighter airplanes 
in general have quite high wing loadings and low 
power loadings, and probably represent the 
highest speed airplane. Heavy bombers and 
large commercial transports are required to 
carry heavy cargoes, and it is thereby not 
feasible to use up as big a percentage of the gross 
weight in powerful engines, even though a 
sacrifice in maximum speed must be made. 
Smaller craft of commercial type are subject to 
much the same limitations. The curves of Fig. 4 
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and the data given in Table I indicate that heavy 
bombers and commercial transports have been 
built with progressively higher wing loadings 
and lower power loadings, the same trend having 
been followed in the development of fighter 
aircraft except for a much larger reduction in 
power loading. The most modern of heavy 
craft and fighters are represented by those por- 
tions of the curves in Fig. 4 to the left and to 
the top. 

Small commercial aircraft and trainers are 
still being built with comparatively low wing 
loadings (about 10 Ib/ft?) and high power 
loadings (from 15 to 20 lb/bhp), and at first 
glance it would appear as if little progress had 
been made along that line. It should be remem- 
bered that the economical aspect is of utmost 
importance in the manufacture of this type of 
aircraft and that high speed performance must be 
sacrified in the interests of economy in construc- 
tion and operation. The advancement in this 
field may be represented, of course, by the 
increase in sturdiness and reliability of the air- 
plane and its engine together with its ability 
to carry a payload that is a bigger proportion 
of its gross weight. 

Aside from purely aerodynamic considerations, 
the factors contributing most to modern high 
speeds have been advancements made in engine 
and structural design. 

Table II is presented to indicate the progress 
made in engine design. A most noteworthy fact 
in this respect has been the reduction in engine 
weight per unit power and the increased power 
attained from single engines. This may be at- 


TABLE II. Comparative data on airplane engines. 











No. of 
cylinders Type Vintage 
1910 
1910 
1918 
1923 
1923 
1928 
1928 
1928 
1941 
1941 
1941 
1941 
1941 


In-line, V-type 
Rotary 

In-line 

In-line 

Radial 

In-line 

Radial 

Radial 
Double-row, radial 
Double-row, radial 
In-line, V-type 
Radial 

Opposed 








Cooling: 
Rated liquid Dry 
speed (LC) or weight 
(rev/min) Supercharger air (AC) (Ib) 


1500 No LEC 290 
1300 No AC 220 
1800 No 390 
1800 No 1150 
1800 No 442 
2400 No 750 
1900 Yes 760 
1800 No 210 
2600 Yes 2280 
2700 Yes 1460 
3000 Yes 1400 
2350 No 514 
2550 No 167 
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tributed to such things as the introduction of 
construction materials of high strength and light 
weight; refinements made in methods of cooling; 
the development of high test fuels and high 
grade lubricants; and the perfection of super- 
chargers. The modern engine, in addition, repre- 
sents reliability undreamed of not so long ago. 
The increased output and reliability of acces- 
sories have done much to increase the usefulness 
and operating range of engines. Controllable and 
automatic pitch propellers have made it pos- 
sible to draw full engine power at all speeds and 
at high altitudes. Superchargers have permitted 
engines to develop almost full power up to very 
high altitudes; a comparatively new type of 
supercharger, the turbo supercharger driven by 
exhaust gases from the engines, has proven to be 
particularly suited for high altitude flying. 
Instruments that completely indicate the per- 
formance of the engine are usually installed, 
thus enabling the pilot to control the engine 
within its operational limits. All these factors, 
in addition to numerous others, are influential 
in the performance of modern aircraft engines. 

The curves of Fig. 5 indicate in an approxi- 
mate way how the weight of engines has been 
progressively decreased. The older water-cooled 
aircraft engines were quite heavy for their 
power, but for the last 20 years there has been 
little choice in regard to weight between liquid- 
cooled and air-cooled engines. The curves are 
calculated on the basis of dry weight, which 
might give the modern air-cooled engine in- 
stallation a slightly lower weight-power ratio 
since the liquid-cooled engine must carry a 
coolant and radiators. Both types, however, 
are currently successful and widely used. It 
might be mentioned that the ancestor of the 
radial, air-cooled engine was the rotary engine 
on which the crankshaft was stationary and the 
cylinders rotated. This arrangement permitted 
adequate air-cooling of the cylinders but was 
accompanied by mechanical and _ lubrication 
difficulties that ultimately resulted in its dis- 
continuance. 

Research in aerodynamics has indicated the 
necessity of exposing a minimum number of 
unstreamlined parts on the exterior surface of 
an airplane if high speeds are to be attained. 
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Fic. 5. Improvements in engine weight per unit power. 


This is particularly true at speeds above 200 
mi/hr. This requirement has resulted in the 
inclusion of practically all structural members 
within the aerodynamic surfaces. For example, 
it is now common to see airplanes with no ex- 
ternal wing bracing or tail bracing whatsoever. 
This accomplishment in structural design was 
made possible by the availability of high strength 
aluminum alloys and special high grade steels. 
Then too, experience in structural design has 
taught the aeronautical engineer how to pro- 
portion his design most advantageously with a 
minimum of weight. Wings on modern airplanes 
can carry loads many times in excess of those 
that would have caused failure on early types. 
Reference to Figs. 1, 2 and 3 will indicate that 
high speed airplanes in general have high wing 
loadings, requiring the use of highly stressed 
structural members. The higher loads imposed 
by high speeds have increased the loads that 
must be carried by the structural members 
throughout the airplane. The part, then, that the 
development of structural design has had in 
contributing to the high speed of today can well 
be appreciated. 

Aerodynamic research will continue in the 
quest for more efficient arrangements and better 
aerodynamic forms. The point in design has now 
been reached where a comparatively slight 
reduction in parasitic drag coefficient will bring 
about a comparatively large increase in maxi- 
mum speed. Methods of cowling engines to 
reduce parasitic drag but still insuring adequate 
air for cooling have been discovered, and per- 
haps these methods can be improved upon. 
The shapes and arrangements of the wings and 
control surfaces are carefully controlled to 
reduce drag. Landing gears are now completely 
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retractable and, in general, almost all external 
protuberances have been eliminated in the 
interest of speed. External coverings of wings and 
fuselages are made smooth and continuous, with 
no rivet heads protruding and with no sharp 
breaks in the surfaces. It is now known how to 
fair wings into the fuselage and how to fair 
motor nacelles to the wing to produce minimum 
drag. The absence of all external bracing struts 
is of major importance. Considering all these 
items collectively, one readily realizes the prog- 
ress that has been made in the reduction of 
parasitic drag, and the attendant increase in 
maximum speeds. 


WIND TUNNELS 


The rapid development of the airplane serves 
as a good example of the far-reaching results 
that can be accomplished by the combination of 
physical theory and experimental work. The 
most useful tool of the aerodynamicist has been 
the wind tunnel, which has been used to solve 
problems too complex for mathematical theory 
and to substantiate and extend the application 
of purely mathematical computations. The wind 
tunnel itself has undergone a series of progressive 
improvements since its inception as an experi- 
mental device. Modern wind tunnel designers 
strive for very high wind speeds as well as large 
size so as to simulate full-scale operation as 
nearly as possible. Tunnels are designed so as to 
have minimum turbulence and_ interference 
effects. Balances and other force measuring 
devices have been refined to permit more ac- 
curate measurements. 

It is usually impossible to obtain dynamic 
similarity in all respects with a model in a wind 
tunnel, unless the tunnel is large enough to 


Not To Excetp 
io RPM. 


Actrruve, Thousanns OF Fee 


Fic. 6. Variation in maximum speed with altitude. 
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hold a full-size airplane. The realization of this 
fact by early experimenters was prompted by 
the discrepancy between small-model results 
run at low velocities with the observed perform- 
ance ‘of the prototype airplane in flight. As a 
result, scale-effect corrections were investigated, 
the application of which made it possible to 
predict the performance of the prototype air- 
plane from model tests with a fair degree of 
accuracy. 

The wind tunnel, however, has been useful 
for more things than merely the prediction of the 
performance of a proposed airplane design. It 
has answered fundamental questions in aero- 
dynamics in countless instances at a saving in 
cost too great to estimate. It would have been 
impossible to have our fine, modern airplanes at 
this time if all of the problems in aerodynamic 
design were to have been solved by building a 
large variety of full-scale test designs and flight 
testing them. The cost might have been pro- 
hibitive; moreover, reliable flight test data are 
difficult to obtain because the test conditions are 
difficult to control. 

Series of airfoils have been systematically 
investigated by model wind tunnel tests, the 
poor ones being discarded and design data ob- 
tained for the better ones. Airfoils of excellent 
characteristics have thus been discovered. Wing 
shapes of best form have been determined. 
Control surface data have been obtained that 
are invaluable in control design and in the 
elimination of flutter. Best forms and dimensions 
for high lift devices such as flaps and slots have 
been determined. Criterions for stability have 
been established. Propeller performance has 
been improved. The wind tunnel has enabled 
the aeronautical engineer to obtain a much better 
understanding of the relationship between the 
relative location of the various parts of an air- 
plane and interference drag. The effect of the 
compressibility of air, which is a factor of para- 
mount importance in the case of high speed 
airplanes and propellers, has been studied. 
These are but a few of the important problems 
that have been investigated with the wind tunnel, 
and the use of wind tunnels must be regarded as 
one of the principal reasons for the rapid de- 
velopment of aeronautics. 








SUPERCHARGERS AND PROPELLERS 


The introduction of the supercharger and of 
the automatic variable-pitch propeller has con- 
tributed very importantly toward the attain- 
ment of desirable performance characteristics 
other than high maximum velocities at sea level. 
The supercharger is merely a high speed centri- 
fugal blower that is used to increase the density 
of the combustible mixture entering the engine 
cylinders. It is usually gear-driven by the engine 
crankshaft or turbo-driven by exhaust gases 
from the engine. The supercharger has made 
possible higher speeds and better rates of climb 
at the greater altitudes. 

The automatic variable-pitch propeller is a 
propeller on which the pitch of the blades is 
automatically changed while the airplane is in 
flight so as to maintain constant engine speed. 
The pitch is usually changed either electrically 
or hydraulically in conjunction with an ordinary 
centrifugal governor. It is advantageous to 
keep the engine speed constant since the power 
developed would decrease if the propeller were 
allowed to reduce the engine speed. Another 
advantage of the constant-speed propeller is 
that it operates at higher efficiencies over most 
of the operating range of the airplane. In short, 
the constant-speed propeller permits the genera- 
tion of more thrust power, particularly at the 
lower forward speeds of the airplane. 

The curves of Fig. 6 show typical examples of 
the variation in maximum speed with altitude. 
They show that for the attainment of high speeds, 
either with supercharged or with unsupercharged 
engines, the constant-speed propeller is ad- 
vantageous. When an airplane is equipped with 
a fixed-pitch propeller and lacks a supercharged 
engine, the engine will turn with fewer revolu- 
tions per minute at higher altitudes. Since engine 
power is almost directly proportional to engine 
speed, the engine having a fixed-pitch propeller 
will produce less power at any altitude, there- 
fore, than will the engine having a constant- 
speed propeller. This accounts for the increase in 
maximum speed at high altitudes with the use 
of a constant-speed propeller. The advantage of 
the supercharger is quite definitely shown in 
Fig. 6 insofar as the attainment of high speeds 
at high altitude is concerned. The use of the 
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Fic. 7. Available and required thrust power, each 
versus air speed at sea level. 


constant-speed propeller in conjunction with the 
supercharged engine is particularly advantage- 
ous. The curve of maximum speed versus alti- 
tude shown in Fig. 6 for the supercharged engine 
equipped with a fixed-pitch propeller is drawn 
for that case where the propeller has best blade 
angle and diameter for sea-level flight. In this 
case, it is necessary that the engine be throttled 
even at very high altitudes so as not to exceed 
its rated speed. This is owing to the fact that 
the propeller cannot absorb all of the power the 
engine is capable of developing at full throttle 
at the higher altitudes unless its pitch is made 
higher. The pitch does not, of course, change in 
flight with a fixed-pitch propeller, but it does 
with the constant-speed propeller. If the best 
fixed-pitch propeller were selected for operation 
at 10,000 ft altitude, for example, with the super- 
charged engine, the maximum speed at sea level 
would be appreciably reduced. 

A typical set of curves of power required and 
power available, each versus air speed for sea- 
level conditions, is plotted in Fig. 7. At any 
given air speed the spread between the two 
curves represents the excess power that may be 
used to make the airplane climb. The rate of 
climb in feet per minute at any air speed is given 
by the expression, 


33000(P4—Pr)/W. (9) 


It has been mentioned that at the airplane’s 
maximum speed, P4=Pe since all the thrust 
power is being used for the attainment of that 
speed. The airplane will, however, climb at 
lower forward speeds, in which case a larger 
amount of excess power is available with the 
constant-speed propeller. For the curves shown 
in Fig. 7, the maximum rate of climb is increased 
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by about 15 percent using the constant-speed 
propeller as compared to the fixed-pitch pro- 
peller. Somewhat the same situation would be 
apparent if curves were drawn for high altitude 
operation, although in that case the use of the 
constant-speed propeller would also yield higher 
maximum air speeds. Another advantage of this 
propeller is that take-off distances are made 
shorter. 

These data on superchargers and constant- 
speed propellers would indicate that their im- 
portance does not lie in the fact that a higher 
performance figure at a given altitude, such as 
maximum speed at sea level or rate of climb at 
5000 ft altitude, can be attained; but in the 
fact that nearly all items of performance can be 
held at a high figure throughout the operating 
range of the airplane. It is usual that if some one 
particular design characteristic must be attained 
with the use of an unsupercharged engine and a 
fixed-pitch propeller—such as short take-off run, 
highest possible rate of climb, highest possible 
maximum air speed, maximum ceiling, and so 
forth—a _ sacrifice in the other items of per- 
formance may be expected. 


SUMMARY 


A comprehensive treatment of the develop- 
ment of the airplane would, of course, entail the 
discussion of many more facts and concepts 
than are included here, but perhaps the few 
that are mentioned may serve to indicate the 
general progress which has been made. The 
development of the airplane and aerodynamics 
has been steady, and has followed much the 
same pattern as the development of other 
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physical sciences. Physics has played its part in 
this development. It is now apparent that a 
semi-empirical formulation of aerodynamic phe- 
nomena will prove insufficient for bringing the 
airplane to perfection. The fundamental truths 
must be determined to a much greater extent 
than they are now known. New theories which 
will more and more closely approximate the 
fundamentals will be formulated and verified 
by refined experimental apparatus. The work 
of the future will be done by physicists whose 
special field is the physics of fluid mechanics. 


APPENDIX: NOMENCLATURE AND UNITS 


L, lift obtained from wing (Ib). 

D, drag of entire airplane (Ib). 

p, density of air (slug/ft’). 

S, wing area (ft?). 

V, forward velocity of airplane (ft/sec). 

C1, dimensionless lift coefficient. It is essentially a func- 
tion of the angle between the wind and the wing 
and also of the particular type of wing used. 

Cp, dimensionless drag coefficient, dependent primarily 
upon the shape and attitude of the aerodynamic 
body under consideration. 

Coil = Czr2/xR], induced drag coefficient. 
Cpp, parasitic drag coefficient. 
R, aspect ratio, generally defined as the wing span 
squared divided by the wing area. 

Pr, thrust power (hp) required to propel the airplane 
at any velocity V. 

Pa, thrust power (hp) available from the engine and 
propeller at any velocity V. 

P», brake horsepower developed by engine. 

n, propeller efficiency. 
W, weight of airplane (Ib). 

W/S, wing loading (Ib/ft?), the quotient of the airplane’s 
weight and its wing area. 

W/P», power loading (Ib/bhp), the quotient of the air- 
plane’s weight and the rated horsepower of the 
engine. 


HE scientist who would split the atom may regard himself as a worker in a 
monastery, but he is mistaken. In reality, he stands at the head of a 
moving belt, an assembly line so long that the eye cannot see the end. The prod- 
uct of his brain is augmented and shaped by the minds of millions of other 
workers, each dedicated to a single operation in the endless mechanism of 
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1. INTRODUCTION 


HYSICS has developed into a subject of such 

complexity that the writing of a general 
textbook for use in colleges has become a for- 
midable task. No modern book on general physics 
is complete without an adequate presentation of 
the fundamentals of electronics and the modern 
theories of the structure of matter. But the in- 
clusion of such subjects necessarily limits the 
time that can be devoted to the teaching of the 
more classical divisions of physics. A solution of 
the difficulty is to strive for the closest possible 
correlation among the various subjects treated, 
so that the student does not feel that he is 
memorizing a catalog of unrelated facts but finds 
himself applying the same principles again and 
again throughout the course. 

A small but conspicuous example of noncon- 
formity with this principle is the usual treatment 
of photometry. Most writers of physics textbooks 
seem to feel that something must be said about 
the measurement of light, yet the subject is 
treated in a very perfunctory manner and the 
material has no apparent relation to anything 
else in the book. At the suggestion of the Editor 
of this journal, the authors examined the 
photometry sections of a large number of physics 
textbooks and wrote a critical discussion. The 
following pages summarize the conclusions and 
suggest a development of photometrics that is 
more modern and more closely related to other 
branches of physics than is the usual treatment. 


2. PRESENT STATUS 


The sections on photometry found in modern 
textbooks on general physics are antiquated and 
confusing and have practically no relation to the 
remainder of physics. The treatment probably 
constitutes the driest and most boring part of 
the book, for naturally the student of today fails 
to find interest in anything as unrelated to 
modern science as a discussion of candles and 
grease-spot photometers. 
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In 1729 Pierre Bouguer investigated the funda- 
mentals of photometry,! using the convenient 
light source of that day, the candle. Lambert? 
extended the work in 1760. Somehow or other, 
the discussions and diagrams of these early in- 
vestigators appear almost unmodified in other- 
wise modern texts on physics. In particular, the 
picture of a candle with lines radiating from the 
center of its flame to illustrate the inverse-square 
law is in most of the general physics texts as well 
as in many books on optics and illuminating 
engineering. One might hope that during the past 
half century someone would have had the origi- 
nality to replace the candle of Bouguer and 
Lambert by an electric lamp. But in the great 
majority of cases, no such stroke of genius is 
evident. 

The discussion of photometers is thoroughly 
antiquated. Usually considerable space is devoted 
to the Bunsen photometer (1843) and the Joly 
photometer (1884), despite the fact that they are 
never used in any self-respecting laboratory. It 
may be argued that these photometers should be 
described because they are still employed in 
college laboratories; but, if that is the case, it 
merely emphasizes the gulf between physics 
laboratory experiments and actual practice. The 
visual flicker photometer is mentioned in a 
number of texts. It was popular about 20 years 
ago but is based on obscure visual phenomena 
that seem to make it unfit for accurate measure- 
ment.’ Even the Lummer-Brodhun photometer, 
though still used in photometric laboratories, is 
not of vital importance to the average physics 
student. In fact, it is doubtful if any type of 
photometer for the measurement of so-called 
candlepower need be described in a modern 


1 Pierre Bouguer, Essai d’optique sur la gradation de la 
lumiére (Paris, 1729). 

2 J. H. Lambert, Photometria sive de mensura et gradibus 
luminis, colorum et umbrae (1760); German translation by 
E. Anding (Leipzig, 1892). 

3 J. W. T. Walsh, Photometry (Constable & Co., London, 
1926), p. 253. 
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PHOTOMETRICS 


physics text. If any light-measuring apparatus is 
considered, it should be photoelectric; yet most 
physics books do not even mention photoelectric 
methods of measurement in photometry. 

Another objection to the usual treatment of 
photometry is the obsession with standard 
candles. It is true that in the early days, measure- 
ments were made by comparison with an actual 
candle; but as early as 1893 photometric units 
were maintained by means of specially con- 
structed oil lamps, and since 1909 the inter- 
national candle has been based on the luminous 
output of incandescent electric lamps. Thus the 
usual statement that the international candle is 
obtained by use of a physical candle is half a 
century behind the times.‘ Indeed, one may 
doubt if any mention of candlepower standards is 
necessary or advisable in an elementary text. The 
whole subject of photometry can be tied into the 
physics of radiation by means of the standard 
lamprosity (‘‘visibility,”’ ‘‘luminosity’’) function 
for the human eye, without mention of the 
antiquated and confusing details associated with 
candles. 

The inverse-square law also gets an undue 
amount of attention. In many books, no limita- 
tions on its applicability are indicated and the 
student absorbs the erroneous idea that the 
inverse-square law can be used directly for the 
calculation of illumination from all sources. As a 
matter of fact, most of the sources used in 
modern interior illumination are so large that the 
inverse-square law is useless. With a single 40-w 
fluorescent lamp, for instance, the inverse-square 
law is a fair approximation only at distances 
exceeding 20 ft; while with the popular troffer 
system of lighting, the approximation is even 
worse.® The illuminating engineer of today is not 


‘Standard candles were used in the early days of gas 
lighting. For example, the British Parliamentary Candle 
was specified in the Metropolitan Gas Act of 1860. Candles 
made unsatisfactory standards, however, and were re- 
placed by lamps—in France by the Carcel lamp developed 
for this purpose by Dumas and Regnault in 1842, in Great 
Britain by the Harcourt pentane lamp developed in 1877, 
in Germany by the Hefner lamp (1884). The Harcourt 
lamp was adopted officially in Great Britain in 1889, and 
the Hefner lamp was adopted in Germany in 1893. The 
international candle resulted from an agreement (1909) 
among the national standardizing laboratories of France, 
Great Britain and the United States; it has been main- 
tained by means of incandescent electric lamps. 


p 
5D. E. Spencer, Illum. Eng. 37, 596 (1942); J. Opt. 
Soc. Am. 32, 539 (1942). 
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concerned with candles nor is he vitally inter- 
ested in the illumination produced by Christmas- 
tree lamps. As lighting continues to develop 
toward sources of increasing area and decreasing 
brilliance, the inverse-square law becomes less 
and less important and the devotion of consider- 
able space to it in a modern text is inadvisable. 

Another objection to the conventional treat- 
ment of the inverse-square law is the false im- 
pression it gives regarding the scope of illumi- 
nation calculations. The student leaves the 
subject either with the feeling that it is trivial, or 
—if warned that the inverse-square law rarely 
applies—with the feeling that it is hopelessly 
involved. The trouble with the treatments given 
even in advanced books is their complete lack of 
generality. This defect, however, seems to be 
ascribable more to the peculiar history of the 
subject than to any fault of the textbook writers. 
In electricity, for example, eminent mathema- 
ticians became interested during the early part of 
the nineteenth century, and basic mathematical 
theories of electricity were developed. No such 
development occurred in photometrics. Writers 
have apparently contented themselves with 
copying from the previous writings of technicians 
who copied from Lambert, and it is only in recent 
years that the theory of photometrics has shown 
fundamental progress.* However, it is now time 
that these new ideas found their way into 
elementary textbooks. 


3. DETAILED CRITICISM 


In addition to the general faults mentioned in 
Sec. 2, there are numerous details in textbook 
discussions of photometry that are misleading. 
The various photometric concepts are often con- 
fused. The statement is made in one place that 
“The light grows dimmer as we move away from 
it.”” As a statement of the inverse-square law, 
this is at least somewhat obscure; and if the 
reader interprets it as referring to the brightness 
of the source, the statement is positively wrong. 
In a few books, references are even made to ‘“‘the 
brightness of the stars,’ which is certainly 


6 A. Gershun, The light field (Moscow, 1936), in Russian; 
translated by P. Moon and G. Timoshenko, J. Math. Phys. 


18, 51 (1939); M. I. T. E. E. Dept. Contribution No. 164 
(1939). 
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incorrect on the basis of the concept of bright- 
ness, as expressed in candles per unit area. 

Regarding the antiquity of some of the state- 
ments, one may mention such sentences as ‘“The 
standard candle of France is made of a mixture of 
stearic and palmitic acids, while that of England 
is made of spermaceti,” or ‘“The international 
candle is a light with an illuminating power of 
one-tenth of a Harcourt pentane lamp.” The first 
of these statements belongs to the nineteenth 
century, while the second has not been true since 
1909. Much information is given on ‘‘16-candle- 
power lights.’’ It is true that Edison produced 
16-cp lamps in 1881; but for 20 years or more, 
lamp manufacturers have not rated their product 
in terms of the unit of luminous intensity called 
the candle. The rating of lamps in terms of their 
luminous flux, expressed in /umens, is familiar to 
the average user today and should be called to 
the attention of writers of physics books. 

Another error that occurs in a few books is the 
statement that the number of lumens (luminous 
flux) from a light source is 4m times the candle- 
power (luminous intensity). This statement is 
correct only with a source whose luminous in- 
tensity is the same in all directions, a condition 
that is never realized in practice. The impression 
is often given that candlepower (luminous in- 
tensity) is a unique characteristic of a lamp, 
whereas actually it is a function of direction. 
Another peculiar statement is, ““Candlepower is a 
true unit of power.” 

In a number of books, mention is made of 
aspects of practical lighting; but most of the 
conclusions do not seem to be in agreement with 
the best practice of illuminating engineering. In 
one case, the conclusion is drawn that the light 
sources should be placed as close to the work as 
possible, which may give maximum economy 
when judged purely from the illumination stand- 
point but which gives abominable seeing condi- 
tions. Objection may also be made to the 
statements, ‘“Too much light is more injurious to 
the eyes than too little,”’ and ‘‘As a rule, students 
ruin their eyes more from over illumination than 
from under illumination.’’ These statements are 
completely at variance with the findings of 
modern research, which shows that vision con- 
tinues to improve up to at least 10,000 lumens 
per square meter. In fact, this conclusion is in 


MOON AND 








DOMINA SPENCER 


accordance with common experience, which indi- 
cates that excellent vision obtains under outdoor 
conditions with an overcast sky, where illumi- 
nations are ordinarily 10,000 to 20,000 lumens 
per square meter. Evidently values of 500 lumens 
per square meter, which are at present the upper 
limit of economically feasible general illumi- 
nations, will not “‘ruin the students’ eyes.’’ The 
prejudice against too much light is undoubtedly a 
result of the nonuniform illumination and the 
glaring luminaires which were so common in the 
older lighting installations. 


4. SIMPLIFIED OUTLINE OF PHOTOMETRICS 


There is no reason why the section on photo- 
metrics in a book on general physics should not 
be in harmony with the remainder of the treat- 
ment. Most of the material on light deals 
necessarily with the tracing of rays through 
optical systems and with phenomena connected 
with the wave nature of light. Ordinarily, little 
attention is given to measurement of the amounts 
of radiation, despite the importance of this sub- 
ject. It would seem advisable to eliminate the 
usual unrelated section on photometry and to 
incorporate the ideas of radiation measurement 
into the treatment of light. 

In pursuance of such a program, the writer of 
the textbook must discuss line spectra and con- 
tinuous spectra. As an important class of continu- 
ous spectra, the radiation from blackbodies 
should be considered in some detail. With either 
type of spectra, the radiant power received per 
unit area in the vicinity of any point can be 
measured by means of a radiation thermocouple. 
Thus the student is introduced in a painless way 
to the concepts of radiant flux F,, expressed in 
watts, and radiant flux density D,, expressed in 
watts per square meter. 

The transition to the photometric concepts re- 
quires no mention of standard candles or of other 
antiquated impediments. One needs only the 
standard lamprosity curve for the human eye. 
This curve was determined as the result of ex- 
periments on over a hundred observers’ and was 
adopted by international agreement? in 1924. It 


7K. S. Gibson and E, P. T. Tyndall, Sci. Pap. Bur. 
Stand. 19, 131 (1924); Trans. I. E. S. 19, 176 (1924). 

8’ Commission Internationale de 1’Eclairage, Geneva, 
1924; see Trans. I. E. S. 19, 607 (1924). 
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Fic. 1. The standard lamprosity (‘‘visibility’’) function. 


expresses the relative efficacy of monochromatic 
light of various wave-lengths in visually matching 
a fixed light. It may be considered as the relation 
between photometric quantities (luminous flux in 
lumens) and radiometric quantities (radiant flux 
in watts).® Figure 1 shows the shape of this curve 
in which v, the luminous flux per unit radiant 
flux, is plotted as a function of wave-length. For 
a source of monochromatic light of any given 
wave-length A, the radiant flux is measured by 
means of a thermocouple, and then the corre- 
sponding luminous flux is obtained by reading the 
value of v corresponding to A from Fig. 1 and 
multiplying by the radiant flux. Or the luminous 
flux can be measured directly by use of a barrier- 
layer photoelectric cell provided with a green 
filter so that its spectral response curve is a close 
approximation” to the curve of Fig. 1. For other 
spectra, the luminous flux F is computed by 
adding up the components of luminous flux 
in small wave-length bands throughout the 
spectrum. 

For the photometric section in a physics text, 


®P. Moon, Scientific basis of illuminating engineering 
(McGraw-Hill, 1936); J. Opt. Soc. Am. 29, 108 (1939). 

10 “Report of the committee on photoelectric portable 
photometers,” Trans. I. E. S. 32, 379 (1937); W. N. 
Goodwin, Jr., Trans. I. E. S. 27, 828 (1932); M. E. Fogle, 
Trans. I. E. S. 31, 773 (1936). 


TABLE I. Total luminous flux from typical 
incandescent lamps. 








Watts Lumens 


output 


37 
78 
150 
270 


Lumens per 
watt 
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two photometric concepts seem to be sufficient 
and these concepts are easily grasped because of 
their similarity to other physical concepts in the 
book. These two concepts are luminous flux, F, 
expressed in lumens, and luminous flux density, D, 
usually expressed in lumens per square meter. It 
is of course advisable to give the students a 
feeling for the magnitude of these units. Since 
everyone is familiar with the electric lamps used 
in home lighting, an idea of the size of the lumen 
can be given by a table of luminous outputs, such 
as Table I. Flux density values are visualized by 
the help of an ordinary photoelectric illumination 
meter,!° and an idea of the range covered in 
everyday life is given in Table II. 

The four basic concepts needed in elementary 
work are therefore as follows: 


Radiometric 
Radiant flux F, (watts) 
Radiant flux density D, 

(watt/m?) 


Photometric 
Luminous flux F 
(lumens) 
Luminous flux density 
D (lumen/m?) 


It is also convenient to introduce the reflection 
factor. If radiant energy is reflected from a 


TABLE II. Incident luminous flux densities, in lumens per 
square meter, on a horizontal surface. 


Starlight 0.0003 
Maximum value allowed from artificial 
lighting in blackout (England) 0.02 
Full moonlight 0.2 
Artificial lighting, minimum recom- 
mended for close work 
Daylight, indoors, near window 
Daylight, outdoors on overcast day 
Daylight, in direct sunlight 


100 
1000 
10,000 
100,000 
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surface, some of the energy is always lost by 
absorption in the material, and the amount re- 
flected is always less than the incident energy. 
The ratio of reflected energy to incident energy 
may be called the reflection factor of the surface 
for radiant energy of the particular spectral 
distribution used in the test. Ordinarily, however, 
the reflection factor p is employed with photo- 
metric rather than with radiometric quantities, 
and then 


p=D,/D;i, (1) 


where D, is the luminous flux density reflected 
from the surface, and D; is the incident flux 
density. The reflected flux density can therefore 
be obtained from the incident flux density by use 
of the equation, 


D.= pD i. (2) 


With diffusing surfaces, the reflected flux density 
evidently gives a measure of the “‘brightness’’ of 
the surface. Values of flux density from various 
sources are given in Table III. Note that we are 
using the concept of flux density to embrace both 
flux density to the surface (“‘illumination”) and 
flux density from the surface (“luminosity’’). 
The illuminating engineer can use the foregoing 
concepts in his design of large and important 
lighting installations, and the student can use the 
same concepts in investigating the lighting of his 
study table and in other applications of lighting 
design in the home. Table IV gives some repre- 
sentative values of luminous flux density. In 
deciding on the lighting of a room, the ques- 
tion of optimum flux density arises. Modern re- 
search has reached the surprising conclusion, 
however, that there is no optimum. The more 
light, the better, provided there is no glare. So 
the values of Table IV are not the best possible 
values but are the flux densities that can be 


TABLE III.-Luminous flux densities, in lumens per square 
meter, for various sources. 





The sun 6x 10° 
High intensity electric arc 2X 10° 
Tungsten filament, 2700°K 3X 107 
White paper in sunlight 80,000 
Fluorescent lamp 18,000 
Candle flame 15,000 
Clear sky (average) 10,000 
The moon 9,000 


White paper in moonlight 0.1 
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TABLE IV. Representative values of incident flux density, 
in lumens per square meter, for good interior lighting. 





Corridors and other places where no close 


visual work is done 50 
Lobbies, dining rooms, etc. 100 
Offices and school classrooms 200 
Drafting rooms and machine shops 500 


obtained economically in present practice. As 
light sources are improved, higher values of D 
come into use. For example, before the advent of 
the fluorescent lamp, 250 lumen/m? was con- 
sidered high for general room illumination from 
incandescent lamps; now twice this value is being 
obtained with the more efficacious fluorescent 
lamps. 

The modern way of calculating interior lighting 
systems makes use of the two photometric con- 
cepts previously considered. Take a hypothetical 
room with perfectly reflecting walls and ceiling 
and perfectly absorbing floor. Then the principle 
of conservation of energy indicates that all the 
flux from the lamps in the room must eventually 
get to the floor, where it is absorbed, since there 
is no absorption in the rest of the room. Thus the 
average flux density on the floor (which density 
is found to be approximately the same as the 
average flux density at table level) is equal to 


Dy = F1/S, (3) 


where F, is the total luminous flux from the 
lamps (see Table I) and S is the floor area of the 
room. 

If we now consider an actual room where the 
ceiling, walls and floor absorb light, the average 
flux density is ordinarily less than that given by 
Eq. (3). In this case, 


Du =kuF 1/S, (4) 


where k, is the coefficient of utilization.® This 
coefficient depends on the shape of the room, the 
reflection factors and the type of lighting system. 
A list of representative values is given in Table V. 

In designing a lighting system, the engineer 
first decides on the average flux density he wants, 
perhaps making use of a table such as Table IV. 
He then calculates the total luminous flux that 
must be provided by the lamps: 


Fr, =DpS/kx- (5) 
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TABLE V. Coefficients of utilization. 


: | i —— 
Reflection factor poneeanient utilization 
| ou 

| ‘ 

| Cubical] Large 
| room* 


0.34 0.69 
24 65 
0.24 0.57 
“Ad 50 
0.15 0.42 
10 mej 


| Ceiling Walls 


0.75 


Type of lighting 


Direct 


room 


0.50 | 
10 | 

Diffusing 0.50 | 
luminaires 
Indirect 


10 
0.50 


10 | 


* A room with width and length at least seven times the ceiling height. 


This total flux can be provided by a small number 
of large lamps or by a larger number of small 


lamps (Table I), depending on the wishes of the 
designer. 


5. THEORY OF PHOTOMETRICS 


The foregoing section outlines a_ simplified 
treatment of photometrics, suitable as the founda- 
tion of a section in a textbook on general physics. 
A somewhat more detailed discussion is needed 
for use in advanced and specialized books, and 
such a treatment will now be considered. 

We start with the concept of radiant flux or 
else of its time-integral, radiant energy. Then 
luminous flux is defined as radiant flux evaluated 
with respect to the standard lamprosity function 
v(A) or, more specifically," 


(6) 


F=f v(A)L(A)da, 


where v(A) is the standard lamprosity function 
(Fig. 1), Z(A) is the radiant flux in watts per 
micron wave-length band and F is the luminous 
flux in lumens. 

Other photometric concepts can be based on 
the equation for the flux between two apertures. 
Consider two infinitesimal apertures (Fig. 2) of 
respective areas dS; and dS, separated by the 
distance r. Behind aperture / is an extended 
source such as the sky. It is obvious that the flux 
from the first aperture is directly proportional to 
its area dS,, and the flux through the two is 
directly proportional also to the second area dS». 
If the angles 6; and 62 are changed, the flux will 
vary directly with their cosines. The geometry of 


11 P, Moon and D. E. Spencer, J. Opt. Soc. Am. 33, 89 
(1943). 
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the picture also indicates an inverse-square re- 
lationship. Thus one may write 


dS,;d.S2 cos 6; cos 62 
a eenmereiny (7) 


o 
r° 


where dF}; is the flux from aperture J that passes 
through aperture 2, and K is a proportionality 
factor. 

Sometimes Eq. (7) is a convenient form, in 
other cases it may be advantageous to re-express 
it in terms of the convergent lightcone.’* Take a 
point P at the center of dS: and draw all rays 
from it to the contour of dS;. A cone is formed 
with apex at P, and the solid angle of this cone is 


(8) 


dw2=dS; cos 6;/7r*. 
Substitution in Eq. (7) gives 


dF y= Kdawod Sz cos Oo. (9) 


Thus the flux between two small apertures ts directly 
proportional to the solid angle dw. of the convergent 
lightcone and directly proportional to the pro- 
jected area of the exit aperture, dS2 cos 62. 

It is convenient to introduce another concept," 
the flux density D at P. It is equal to the flux 
through the small aperture 2, divided by the 
area of the aperture, or 


dD2=dFy2/dS2= Kdwe cos Oo. (10) 


Evidently the flux density will generally change 
if the point P is moved or if the receiving surface 


Fic, 2. Flux through two apertures. 


22 J. Dourgnon, R. G. E. 41, 619 (1937). 
13P, Moon, Am. J. Phys. 10, 134 (1942); J. Opt. Soc. 
Am. 32, 348 (1942); J. Opt. Soc. Am. 33, 115 (1943). 
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Fic. 3. A photoelectric helios meter; H =z lim (D/w), where 
@w—-0 





D is the flux density measured at P. 








is tilted. In fact, D is a scalar function of five 
independent variables, of which three fix the 
position of P and two specify the orientation of 
the receiving surface. The concept of flux density 
is one of the most useful in lighting practice. It 
is a measure of how thoroughly the surface is 
lighted and is often called the “illumination.” 
Better practice, however, is to reserve the word 
“illumination” for the process of lighting and to 
call the quantitative concept, flux density. Flux 
density is measured by means of a barrier-layer 
photoelectric cell, as in the commercially avail- 
able photoelectric illumination meters. The pref- 
erable unit is the lumen per square meter. 

In the foregoing discussion, the proportionality 
constant K has been left arbitrary. But it is 
evident that the flux between the apertures de- 
pends on the source behind aperture / and 
becomes larger as the radiant flux from the 
source is increased. This property is evaluated by 
K, which determines the new concept" of helios 
H. Let us write 






















































































K=H/r. (11) 


Of course, in defining this new concept we are at 
liberty to include any constant we wish. It might 
seem that greatest simplicity would be obtained 
by defining H equal to K, but a detailed examina- 
tion shows that Eq. (11) is more advantageous." 
































144K and H are both generalized brightnesses (see ref. 
13); K corresponds to brightness expressed in candles per 
unit area, while H corresponds to brightness expressed in 
lumens per unit area. Because of the muddle associated 
with the word “brightness,” we prefer to use an entirely 
different word—helios—to express the concept developed 
above. 
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Thus the previous equations become 


IT dAS,dS2 cos 6; cos 62 
F\.,=— ——————___, (7a) 


T r? 








H 
d Fy = —dw.dS> cos 60, (9a) 


T 


H 
dD, = —dws cos Oo. 
Tv 


(10a) 


A better idea of what helios means is obtained 
from Eq. (10a) by solving for H: 


i= wd D2/(dwe cos 62). (10b) 





It will be noted that helios can be expressed 
entirely in terms of conditions at the receiving 
point P. In particular, if a receiving surface (such 
as that of a barrier-layer cell) is placed perpen- 
dicular to the ray J—2 so that cos @.=1, then 


H=rn lim (De2/we). (12) 
ow 0 


Thus the helios is a measure of the flux density 
per unit solid angle. Like flux density, H is a 
scalar function of five independent variables. The 
helios at a point P and in a given direction can be 
measured by placing a small barrier-layer cell at 
P with a shield to limit the solid angle w (Fig. 3). 
The axis of the apparatus is tilted until it points 
in the given direction. Then tD/w is the helios, 
provided the solid angle is small enough." 

In the special case of a source whose dimensions 
are small compared with the distance 7, the flux 
density can be obtained from Eq. (7a) ; thus, 











HH COS 42 
dD= (=as, cos a) —_ (7b) 
T r2 
or 
HS,\ cos 62 
p=( ) (70) 
T r? 


where S, is the projected area of the source. The 
quantity in parentheses may be regarded as a 
property of the source. In the older treatments, 
(HS,/7) is called the ‘‘candlepower,”’ and Eq. (7c) 
is the usual inverse-square law of illumination. In 
the modern treatment, Eq. (7c) loses the basic 
significance that it seemed to possess under the 
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older treatment and becomes merely an unim- 
portant special case." 

Where the lightcone becomes of appreciable 
size, Eq. (10a) is used and an integration is 
performed. The total flux density from the entire 
lightcone is then 


1 
D,=- fu cos Asda. 


T Vw 


(13) 


Imagine a sphere of unit radius with P as center 
(Fig. 4). The area cut from this sphere by a 
lightcone having the solid angle dwe is 


do’ = dws 


and, if this area be projected onto the illuminated 
plane, the resulting area is 


do’ =cos 02dws. 


1 
Di=- f Hao” 
wo ar 


and, if the helios is constant for all rays in the 
lightcone, 


Thus, 


(14) 


H Ho" 
D.=— f do” = e 


rv, T 


(15) 


Equation (15) expresses the unit-sphere method, 
a very powerful tool in the derivation of formulas 
for flux density from large sources. 

As a simple example, consider the flux density 
produced by a uniform circular-disk source 


N 
Fic. 4. The unit-sphere method; Dy = Ho"’/z. 


Circular Disk Source 


ELEVATION 


Fic. 5. The circular-disk source. 


(Fig. 5). The lightcone is a circular cone of half- 
angle y which cuts a circle from the unit sphere. 
Evidently, 

o’=7n(sin vy)’, 


so the flux density is given by the equation, 


D=H sin? y. (16) 


A number of other important shapes of sources* '® 
can be handled in a similar manner. The rec- 
tangular window is particularly important and 
instructive. A wealth of examples are easily made 
up to illustrate the application of the foregoing 
equations to practical problems. 

The basic photometric concepts used in this 
section are three in number: ; 


Luminous flux F, expressed in lumens. 
Flux density D, lumens per square meter. 
Helios H. The unit of helios is called the blondel. 


Minor concepts such as reflection factor, trans- 
mission factor, luminous efficacy, and coefficient 
of utilization may be introduced also if needed. 
Unfortunately, many other concepts and units 
are in use today and anyone who reads the litera- 
ture of the subject will find great confusion in 


1 TD, E. Spencer, J. Opt. Soc. Am. 32, 274 (1942). 
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TABLE VI. Conversion factors. 


Units encountered in 


c Units used in 
the literature 


this paper 





“Tllumination”’ 
1 lumen/ft? 
1 footcandle 


Flux density 
10.764 lumens/m? 
10.764 lumens/m? 





1 meter-candle 1 lumen /m? 
1 lux 1 lumen /m2 
1 phot 10,000 lumens/m? 
1 milliphot 10 lumens/m? 
“Brightness”’ Helios 
1 lambert 10,000 blondels 
1 millilambert 10 blondels 
1 foot-lambert 10.764 blondels 
1 stilb 31,416 blondels 
1 candle/in.? 4,869 blondels 
1 candle/ft? 33.82 blondels 


1 candle/m? 3.1416 blondels 
1 equivalent footcandle 10.764 blondels 
1 equivalent meter-candle 1 blondel 





terminology and in units. Some conversion fac- 
tors are given in Table VI. 


6. CONCLUSIONS 


An examination of a number of textbooks on 
general physics showed that their treatment of 
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The New Laboratory of Physics at Northwestern University 





photometry is antiquated and unrelated to the 
rest of the subject matter. By a change of 
method, we have found it possible to tie the 
section more definitely into the remainder of the 
book and to bring it into harmony with the spirit 
of modern physics. 

The customary treatment of photometry con- 
fines itself largely to a discussion of standard 
candles, the inverse-square law and_ visual 
photometers. Most of the material is a half cen- 
tury or more behind the times. In the proposed 
outline of the subject, this fault is eliminated by 
scrapping practically everything that is usually 
treated in photometry and replacing it by ma- 
terial that is not only more up-to-date but also 
more intimately associated with modern treat- 
ments of optics and radiation. In the latter part 
of the paper, an outline is given for a theory of 
photometrics to be included in, more specialized 
books on optics and illuminating engineering. It 
is hoped that the analysis given in the foregoing 
pages will be helpful to those who face the 
difficult task of writing a physics textbook. 
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N the spring of 1939 the Board of Trustees of 
Northwestern University announced a gift 
from Mr. Walter P. Murphy of Chicago for the 
development of a new technological institute now 
known as the Northwestern Technological Insti- 
tute. The training to be offered by the institute is 
of the cooperative type, in which the student 
after the freshman year begins a program of 
quarterly alternation between college and indus- 
try, which continues through the second quarter 
of the fifth, or senior, year. All students attend 
classes during the third quarter of the senior year, 
which is the last quarter of the course. Thus, 
under this plan an Institute student completes 
eleven quarters of academic work and seven 
quarters in industry. The choice of Northwestern 
University for the site of the new institute was 
guided by the fact of the location of the uni- 





Northwestern University, Evanston, Illinois 


versity near a large urban center with its multi- 
tude of industries requisite for the effective 
carrying out of this type of engineering training. 
Another factor influencing the choice was the 
existence of a well-established College of Liberal 
Arts with definite traditions and offerings from 
which the Institute could freely draw. 

The gift of Mr. Murphy provided among other 
things approximately $5,000,000 for a new build- 
ing and $1,000,000 for equipment.! The building 
contemplated was to house the departments of 
civil, chemical, electrical and mechanical engi- 
neering, components of the Technological Insti- 
tute; and the departments of physics and chem- 
istry, which have always been components of the 


1Mr. Murphy died December 14, 1942 and left to the 
Institute an additional sum in excess of $20,000,000. 
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Fic. 1. The entrance court. 
(Hedrich-Blessing Studio.) 


College of Liberal Arts, and which, still remaining 
as such, can contribute to the curricular needs of 
the Institute as well as if they were parts of it. 

After the announcement of the gift, the archi- 
tects submitted a general outline of the building. 
It involved roughly 450,000 ft? of floor space and 
a volume of about 5,000,000 ft®, to be located on 
Sheridan Road at the foot of Noyes Street. When 
the several departments were located and the 
amount of floor space was allocated, department 
heads were requested to proceed with the design 
for their respective departments. The design and 
plan of a highly specialized structure such as a 
physics laboratory presents many aspects outside 
of the experience of the architect and, conse- 
quently, the department of physics had almost 
complete autonomy in the disposition and plan of 
the 65,000 ft? of floor space allotted to it. Before 
proceeding with the plan and design of the 
building, we adopted a few simple working 
principles. Staff members were assigned portions 
of the whole task for which they were best fitted. 
These assignments were supervised by them 
throughout the construction. When detailed in- 
formation was desired, staff members visited 
laboratories where such information could best be 
obtained. The plan worked excellently and with 
complete cooperation. Cooperation of the archi- 
tects, Holabird and Root, and the contractors, 
R. C. Wieboldt Company, both of Chicago, was 
excellent. 


NORTHWESTERN 
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PLAN AND GENERAL FEATURES 


The outline of the building for the Institute is 
seen from Fig. 1 and the floor plan indicated in 
Fig. 2. The department of physics is housed 
almost entirely in an L-shaped wing in the 
southwest portion of the structure and has ap- 
proximately 120 rooms, including darkrooms and 
cubicles. The arm of the Z running north and 
south has three floors, and that running east and 
west has five floors, including the subbasement. 
The outer shell of the structure is of Lannon 
limestone trimmed with light Bedford limestone 
and is designed architecturally to match the 
newer buildings on the campus, whose general 
style is that of a modified Gothic. The building 
is of reinforced concrete and of fireproof con- 
struction throughout. The unit of construction is 
20 ft—that is, beams forming bays are spaced 20 
ft apart. The columns supporting bedms are 
built up from concrete footings of large area laid 
on clay. No piles are involved in the construction. 
The outer stonework is built around the concrete 
framework, and partitions are not intended to 
support any of the structure. This type of con- 
struction is important in that it gives structural 
stability and at the same time permits flexibility 
in the arrangement of partitions. Partitions are 
in the main of terra cotta hollow tile finished with 
hard plasters. The ceiling height is in general 
12 ft. Corridors are generally 8 to 10 ft wide with 
10-ft ceilings. The corridor walls are of a very 





J. SPENCE 


Es! 
ww | 


SECOND FLOOR PLAN a 


m. Bs aE 


SCALE IN FEET 


L6, L7, L8&, lecture rooms. 

D107, lecture apparatus room. 

D79, D80, D105, D106, recitation rooms. 
D82, electrical measurements laboratory. 
D865 to D&8, cubicles. 

D8&3, apparatus room. 
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D89, advanced electrical measurements. 

D90, electronics. 

D95, mechanics laboratory. 

D96 to D98, heat and pyrometry laboratories. 
D99, sound laboratory. 

D103, D104, switchboard and battery room. 


Fic. 2. Second floor, entire building. Room numbers prefixed by the letters D and L are assigned to physics. 


light tan-colored vitrified tile to a height of 7 ft 
with a smooth plastered surface to the ceiling. 
The false ceilings in the corridors are of hard 
finished plaster with a 2-ft space above for 
ventilation ducts, electric conduits and other 
necessary utilities. Corridor, office and student 
laboratory floors are covered with a dark mottled 
composition tile. Steel window frames in the bays 
are 10 ft wide and are spaced 20 ft apart between 
centers. 

Considerations of efficiency and student traffic 
locate the student laboratories, lecture and reci- 
tation rooms on the main and second floors. The 
elementary laboratories, because of the large 
number of students in such courses, are on the 
main floor. Offices are in a group on the main 
floor in order to be of easy access to the student. 
Special installations, such as the compressors for 


liquefaction of air and hydrogen, x-ray equip- 
ment, generator rooms, shops and special re- 
search rooms, are located on the ground floor. In 
the subbasement are located research rooms and 
installations requiring freedom from vibrations, 
such as soundproof rooms and _ spectroscopic 
grating mountings and equipment. Included in 
this group, with their floors in the subbasement, 
are two two-story rooms for possible high po- 
tential research. The third-floor rooms are set 
aside for research. Research rooms, owing to the 
width of the bays, are approximately 10 or 20 ft 
wide and 19 or 23 ft deep, depending on their 
location in the wings. 


LECTURE ROOMS 


The most effective design for a large lecture 
room presents a problem. It appears that the 
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Fic. 3. Main lecture room. 
(Hedrich-Blessing Studio.) 


optimum seating capacity should be about 200. 
Demonstrations should be readily visible from all 
parts of the room. It should be well-ventilated, 
temperature-controlled, readily darkened, and 
provided with ample electric power supply, gas, 
hot and cold water, steam, and so forth. An 
apparatus room should be adjacent. 

The lecture rooms are located on the second 
floor in the central section of the building (Fig. 2). 
The large lecture room, with a seating capacity 
of 200, is fan-shaped with an angle of 90° (Fig. 3). 
The lecture table, 18 ft long, is located near the 
apex of the fan. The seats form quarter circles on 
graduated steps in coliseum style with risers 
whose heights vary from 6 to 10 in. to provide 
effective observation of the lecture demonstra- 
tions. Without the graduated steps the ceiling 
height would be 12 ft. A recess raises this ceiling 
height above the lecture table to 14 ft; this makes 
possible effective indirect lighting and provides a 
space for supports moving on rails from which to 
suspend apparatus. Students enter the room at 
the rear from two neighboring corridors. Acoustic 
treatment of the rear wall and ceiling affords 
excellent hearing. The lecture table is provided 
with gas, compressed air, steam, hot and cold 
water, adequate electric service, and controls for 
automatic projection lantern, sound projection 
equipment, motor-driven screen, projection volt- 
meter and ammeter. The voltmeter and ammeter 
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are placed in two projection lanterns in a fan- 
ventilated box in the front row of seats; their 
scales, when projected on a screen behind sliding 
glass blackboards back of the lecture table, are 5 
ft long. There are no windows in the room. Illumi- 
nation is controlled by means of a dimmer. The 
room is air-conditioned and amply ventilated. 

On each side of the main lecture room are two 
smaller lecture rooms seating 40 and 50 students, 
respectively. They are provided with fully 
equipped lecture tables. 

All three lecture rooms adjoin a lecture appa- 
ratus room equipped with cases of 3400 ft® 
storage capacity. The equipment for this room 
consists of electric supply, gas, air, hot and cold 
water, sink, work benches and transport tables. 


ELEMENTARY LABORATORIES =. 


The five elementary laboratories, on the first 
floor (Fig. 4), are practically identical in size and 
equipment. Each room is 21X40 ft and is ar- 
ranged to accommodate a maximum of 20 stu- 
dents. The attempt is made to limit the size of 
the laboratory sections to 16 students for each 
instructor. These laboratories are supplied with 
five ‘islands’ equally spaced in a line through the 
middle of the room. They are provided with 
sinks, hot and cold water, air, gas, and an electric 
panel with jacks connected to circuits from a 
distribution board in the room; the panel has 





D61, D62, D64, D64, D67, Elementary laboratories. 
D65, apparatus room. 

D66, laboratory assistants’ office. 

D658, seminar. 

D60, exhibits room. 

D&8 to D?8, department offices. 


Fic. 4. First floor. 


a.c. and d.c. power supply and transfer circuits to 
the main switchboard. A folding top over the 
sink is flush with tables 3X6 ft on each side of it. 
At convenient stations on the walls are located 
small electric panels with jacks connecting to 
circuits leading to the distribution board. The 
illumination in the room is controlled by light- 
proof shades and fluorescent lamps in the ceiling 
designed to give an illumination of approximately 
25 lu/ft? on the tables. 

Located in the suite of elementary laboratories 
is an apparatus room, 20X20 ft, equipped with 
cases to care for the ten sets of equipment for 
each experiment. Adjoining this room is an office 
supplied with desks and other conveniences for 
the laboratory teaching assistants. 


THE ELECTRICAL LABORATORIES 


The electrical laboratories on the second floor 
constitute a suite with an associated apparatus 
room (Fig. 2). The three rooms are planned for 
work in electric measurements, advanced electric 
measurements and electronics, respectively, and 
cover an area of 3400 ft®, approximately. The 
suite has an adequate electric power distribution 
board which, in addition to the 120- to 208-v 
supply, has 4-, 8-, 12- and 24-v and regulated 
120-v a.c. supplies. From the jacks on the board 
transfer circuits lead to the main supply board on 
the second floor and to the small panels at many 
locations on the walls of the laboratory. Adjoining 
the electric measurement laboratory are four 
small cubicles, 7X7 ft, provided with electric 
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panels, sink, hot and cold water, air and gas for 
special experiments requiring isolation and dark- 
ness. Associated with the electronics laboratory 
is a darkroom. 


SPECTROSCOPIC AND OPTICAL LABORATORIES 


The student spectroscopic and optical labora- 
tories are located in the basement (Fig. 5). Be- 
tween these two laboratories are a darkroom and 
an apparatus room provided with cases, work 
benches, and so forth, for minor repairs. Also 
adjoining the optical laboratory are four cubicles, 
7X10 ft, for experiments requiring at times no 
illumination. Each cubicle has a port 3 ft from 
the floor for systems in which it is desirable to 
isolate either the source or observer. The cubicles 
are equipped with air, gas, hot and cold water, 
and electric panels. An electric power distribution 
board located in the optical laboratory may be 
connected through jacks to the source panels and 
to the main switchboard. 


The laboratory set aside for industrial spectro- 
scopy has associated with it a darkroom with 


D1, industrial spectroscopy laboratory. 
D28, optics laboratory. 

D24, D25, D26, D27, cubicles. 

D30, apparatus room. 

D31, spectroscopy laboratory. 

D32 to D40, shops. 

D382, student glassblowing room. 

D383, student woodworking room. 

D34, student and faculty shop. 

D837, storage room. 

D39, dustproof instrument repair room. 
D365, paint room. 

D36, metal grinding room. 

D40, main Physics shop. 

D45, D46, D48, stock rooms. 

D41, compressor room. 

D42, cryogenic laboratory. 

D44, cold room. 

D49, generators. 

D650, switchboard. 

D51, storage batteries. 

D54 to D57, x-ray research rooms. 

D655, lead-lined room for 200,000-v industrial x-ray unit. 
D652, D&3, electric discharge research rooms. 


Fic. 5. Basement. 
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D1, D2, D5, D8, spectroscopic research rooms. 

, modified Paschem grating mounting. 

, grating source room. 

5, room for interferometer research. 

, D6, darkrooms. 

, Wadsworth grating mounting. 

, two-story high potential laboratory. 
D10, x-ray laboratory, two-story room. 
D13, D14, D15, soundproof rooms. 

D13, control room. 

D14, 17 X13 X10-ft soundproof room. 
D145, 12 X9 X8-ft soundproof room. 
D11, D16 to D20, research rooms. 


Fic. 6. Subbasement. 


special facilities for rapid photographic service. 
A 33,000-v, 15-kva, and a 5000-v, 5-kva trans- 
former serve as sources for the high potential 


Fic. 7. Compressors, located in 
an explosion-proof room. The air 
compressor, on the left, has a ca- 
pacity of 5000 ft?/hr, and the hy- 
drogen compressor, on the right, 
of 2000 ft?/hr. 
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spark and arc required for this type of ultimate 
metallurgical analysis. The laboratory is equipped 
with a Hilger Littrow quartz spectrograph, 
microphotometer, refrigerator for plate storage 
and other accessories necessary for this type of 
analysis. The laboratory is so equipped and 
arranged that complete analyses may be made 
within a few minutes. 

In the subbasement (Fig. 6) are located the 
spectroscopic gratings. The suite consists of four 
rooms. One room adequately equipped with 
sources of power and similar utilities serves as a 
spectroscopic source room for two adjoining 
rooms containing the gratings. One of these 
rooms is provided with a concrete semicircular 
pier of diameter 35 ft, for mounting photographic 
plates and grating. A pier is located at the center 
of the semicircle on which to support the pivot 
mounting. These piers are an integral part of a 
special floor designed to free them from me- 
chanical vibrations and disturbances. The diffrac- 
tion grating is an 8-in. surface ruled with 30,000 
lines per inch; it is set up in a modified Paschen 
mounting. The second room is provided with 
piers on a special vibration-free floor for a 
Wadsworth mounting supporting another 8-in. 
grating with 15,000 lines per inch. The third room 
in this assembly is set aside for interference 
spectroscopy and is provided with a suitable 
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vibration-free pier for the necessary equipment. 
In order to obtain close temperature control, 
these rooms are’ provided with a ceiling of cork 
3 in. thick and with insulated walls. Two dark- 
rooms are associated with this suite. 


THE HYDROGEN AND AIR LIQUEFIERS 


The room housing the compressors for air and 


hydrogen liquefaction is' 232812 ft with a 
floor—independent of the building—of reinforced 
concrete mounted on piers extending to the same 
depth as the building footings (Fig. 7). A floor 
drain, 126 in., covered with a steel grating ex- 
tends about three sides of the room. Windows are 
explosion proof. Two exhaust fans of capacities 
1400 ft?/min serve to ventilate the room. All 
equipment in the room is explosion-proof. 

The air compressor, made by the Norwalk 
Company, is a 12} X10-in. horizontal four-stage 
tandem compressor driven by a 50-hp motor and 
having a capacity of 5000 ft?/hr. The hydrogen 
compressor is also of Norwalk manufacture and 
is a 10X8-in. horizontal four-stage tandem type 
driven by a 25-hp motor and of capacity 2000 
ft?/hr. The air liquefier has a capacity of 25 |/hr. 
This capacity is attained by precooling the air 
to —28°C with a 3X3-in., 2-ton ammonia ice 
machine made by the York Company. The 
process for liquefying air is as follows: atmos- 
pheric air is washed by a caustic spray, com- 
pressed, water-cooled, purged and dried by 
caustic and silica gel, precooled and expanded 
from a Hampson-type exchanger. 

The process for hydrogen is as follows: tank 
hydrogen is compressed, water cooled, purged 
and dried, precooled and purified in a charcoal 
trap at liquid-air temperature; it is further cooled 
by liquid air boiling at reduced pressure and is 
then liquefied by means of expansion in an ex- 
changer coil in a Dewar container. The capacity 
of this liquefier is 8 to 10 1/hr. The vacuum for 
the hydrogen exchanger is produced by a molecu- 
lar pump backed by a Cenco Hypervac pump, 
and the pressure over the boiling air is reduced by 
a Beach-Russ rotary pump of capacity 75 
ft?/min. The tank hydrogen is stored in a 
gasometer in a small building outside of the room. 

These installations will serve both as equip- 
ment for research and serve as sources of supply of 
refrigerants for other departments in the building. 
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CRYOGENIC LABORATORY 


Adjoining an adequate research room is a cold 
room whose temperature may be reduced to 
—40°C. The room is 10231410 ft. It is insu- 
lated with 8 in. of cork blocks overlapping in two 
layers and sealed in Hydrolene. The walls are 
finished with an asphalt base and successive coats 
of cement plaster, asphalt emulsion and alumi- 
num paint. The floor is of concrete 3 in. thick set 
on 8 in. of cork. The entry to the room is through 
a small anteroom lined with cork 4 in. thick. The 
room is equipped with cooling coils for drying the 
air before it enters the main room. The door to 
the entry room is a standard refrigerator door 
and that to the main room is a Superseal re- 
frigerator door. 

This type of construction allows the main room 
to be operated for a period of probably eight 
months without defrosting. The entry room is at 
a temperature between 0° and —5°C. Thermo- 
static control will hold the temperature of the 
main room between —33° and —36°C with the 
compressors operating less than 10 percent of the 
time. In cooling, a temperature drop from +20° 
to — 25°C is effected in 4 hr; the drop to —40°C 
requires an additional 8 hr of operation. The 
compressors are of York construction and use 
Freon as a medium. 

The cold room contains an electric panel 
carrying 120- to 208-v alternating current and 
three transfer circuits from the main switchboard. 
A 2-in. fiber tube allows the introduction of 
auxiliary wires, tubes, and so forth. Observations 
in the cold room may be made through a window 
consisting of four thicknesses of plate glass, 
spaced 3 in. apart. The spaces between the glass 
are partially filled with calcium chloride to pre- 
vent frosting. The window is closed on the outside 
by a standard refrigerator door. 


THE X-RAY LABORATORIES 


The x-ray laboratories (Fig. 5), primarily de- 
signed for research and for the training of stu- 
dents in technological x-ray methods, comprise 
five rooms, including a darkroom and a small 
anteroom provided with sink and exhaust for 
chemical work. Equipment for x-ray diffraction 
comprises a General Electric X-Ray Corporation 
diffraction unit with a complete set of accessories 
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for the various methods for which this unit is 
designed. This is supplemented by a precision 
powder-diffraction goniometer, a single-crystal 
goniometer and various special cameras. In addi- 
tion to sealed off diffraction tubes, two demount- 
ible tubes with vacuum equipment are provided 
for obtaining various characteristic radiations 
and for elemental analysis. Rectified high po- 
tential power is obtained from a unit located 
overhead with a range from 8 to 60 kv with a 
ripple of 200 v at 25 ma. From this supply various 
tubes can be operated with individual filament 
transformers. A microphotometer designed for 
ibsorption and scatter densitometry is provided 
for the evaluation of photographic records. In 
addition x-ray intensities can be measured with a 
Geiger-Miiller counter. Equipment for radiog- 
raphy comprises a G.E. X-Ray Corporation 
200-kv industrial unit with oil-immersed shock- 
proof mounting of tube and transformer in a 
casing suspended from a crane placed in a lead- 
lined room with external controls. For the radiog- 
raphy of light materials, two spark rectifier units 
are available. 


SOUND LABORATORIES 


Sound laboratories for student use are located 
on the second floor (Fig. 2). They consist of one 
moderate sized room, 23 X32 ft, with three small 
soundproof rooms at one end. The main room is 
supplied with electric panels, air, gas, hot and 
cold water. The small soundproof rooms are lined 
with 8 in. of rock wool throughout, and are 
equipped with Riverbank 42-db doors. The walls 
between the rooms have openings 1 m square for 
sound transmission measurements and similar 
work. These openings may be closed by double 
soundproof doors. 

Larger soundproof rooms in the subbasement 
required considerable thought. They form a suite 
of three, consisting of a control room, a room 
12X98 ft, and one 17X13 X10 ft (Fig. 6). The 
detail of the larger of these rooms is as follows. It 
consists of a walled enclosure housing the room 
(Fig. 8). This inner room, which is mounted on 
rubber, has a mass of 100,000 Ib; it has a rein- 
forced concrete floor and ceiling and walls of a 
double layer of sound-absorbing tile. The tile is 
laid with no coincident joints. The whole is as 


Fic. 8. Soundproof room, showing the piles of rubber 
blocks on which the room floats. . 


nearly monolithic as such type of construction 
would allow. After some experimentation it was 
decided to mount the room on rubber loaded to 
give the whole a period of about 2 sec. Experi- 
ments had shown conclusively that rubber 
properly loaded considerably excelled damped 
springs. There is no assurance, however, that the 
rubber will not deteriorate. In such an event 
sealed concrete plugs in the floor may be lifted, 
the load removed from the rubber by hydraulic 
jacks and a new material used. The inner and 
outer sides of the walls of the room are covered 
with a 1-in. layer of Sprayoflake, a material con- 
sisting of flaked paper and a mastic. For further 
sound absorption, and also to prevent internal 
reflection, the ceiling and walls of the room are 
covered with 16 layers of spaced muslin and 
flannel. The entrance to the room from the 


control room is closed by specially designed, 
double soundproof doors. No electri¢ circuits 
enter the room and it has no ventilation, owing to 
the problem of sound insulation introduced when 
such features are present. 


The medium-sized room is constructed in a 
simildr manner except for the wall covering, 
which is 4 in. of glass wool. The floors in both this 
and the larger room are covered with spaced 
layers of glass wool over which is an iron grid. 
Conservative calculation indicates that the larger 
room will absorb on impact over 98 percent of 


air-borne sound and mechanical vibrations from 
the outside. 
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THE HEAT AND PYROMETRY LABORATORIES 


The heat and pyrometry laboratories—23 X 35 
ft and 23X28 ft, respectively—are located on 
the second floor (Fig. 2). Between them is an ade- 
quate apparatus room. The laboratories are 
equipped with the necessary precision mercury, 
resistance and thermoelectric thermometers and 
their accessories. Additional equipment consists 
of platinum and Chromel wound resistance fur- 
naces, Junker-type precision gas calorimeter, 
bomb calorimeters, Leeds and Northrup Micro- 
max temperature recorder, gas refrigerator, radia- 
tion and optical pyrometers, and so forth. In 
addition to the requirements for students, the 
laboratories are equipped for standardization 
purposes. 

These rooms have their own power distribution 
board and transfer circuits to the main switch- 
boards. Small power panels with circuits to the 
distribution board are located on the walls and on 
permanent tables placed in the center of each 
room. For fire-prevention purposes the tops of 
these tables are of stone. Gas, air, hot and cold 
water and steam associated with small sinks are 
distributed generously throughout these rooms. 


THE MECHANICS LABORATORY 


The mechanics laboratory, 23 X 40 ft, is located 
on the second floor (Fig. 2). It has the necessary 
gas, air, hot and cold water facilities and electric 
power distribution board to carry on effectively 
the laboratory work associated with an advanced 
course in mechanics. Adjoining the room are an 
apparatus room and a darkroom. 


THE ADVANCED GRADUATE LABORATORY 


The advanced graduate laboratory, 23 X48 ft, 
is located on the third floor (Fig. 9) and was 
designed primarily to introduce graduate stu- 


dents to research technics and to round out their: 


training in fields not associated with their special 
research problem leading to a thesis. The room is 
adequately provided with electric panels affording 
power and transfer circuits to the switchboard on 
this floor. Gas, air, hot and cold water outlets are 
available at several stations in this room. 


THE SHOPS 


The shops, which are in the basement, consist 
of the main departmental shop, 23X44 ft, the 
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D118, advanced graduate laboratory. 
D110 to D128, research laboratories. 


Fic. 9. Third floor. 


student shop, 23 X 28 ft, a student glass-blowing 
shop and a woodworking shop. A stock room, 
11X20 ft, is located between the main shop and 
student shop. Adjoining the main shop are small 
rooms—one for sanding, grinding and buffing, 
equipped with a blower system to remove dust 
particles; another for painting and spraying, 
equipped with a ventilated booth, 33X7 ft, 
baking oven and an electric annealing oven for 
metals; and a dustproof instrument repair room. 

The main shop is equipped with precision 
lathes and drill presses, automatic metal power 
saw, milling machine, a 4-ft foot brake and folder, 
a 4-ft roller, a 4-ft shearer, and so forth. It con- 
tains no heavy machinery such as engine lathes or 
drill presses because of their accessibility in the 
shops of the Institute. The main shop and fine 
instrument shop are equipped with electric panels 
supplying a variety of power sources and transfer 
circuits to the main switchboard for testing 
purposes. Air, gas, hot and cold water outlets are 
plentifully supplied. The floor in the main shop is 
of hard maple and all work benches are natural 
finished edge grain maple. Daylight illumination 
is enhanced by special refracting glass in the 
window sash which gives a fairly uniform illumi- 
nation throughout the room. 

The student shop is equipped with a milling 
machine, drill press, lathe and six individual 
work benches, each supplied with tools most 
likely to be needed by graduate students. The 
ability on the part of graduate students to handle 
tools is regarded as an essential part of their 
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training. Inasmuch as the shop plays such a vital 
role in the activities of a department of physics, 
every attempt was made to equip it properly. 


ELECTRIC SUPPLY 


A physics laboratory is no more complete than 
the distribution of an adequate power supply. 
The primary source of supply of alternating 
current is furnished by the Public Service Com- 
pany. To provide adequate supply to the various 
rooms in the building and their proximity to the 
sources of supply, three interconnecting switch- 
boards were planned and designed—one on the 
basement floor supplying rooms in the subbase- 
ment, basement and main floor, another on the 
second floor supplying rooms on that floor, and 
one on the third floor. All panels in the boards are 
enameled steel, and there is no exposed wiring. 
The main, or ground floor, board carries controls 
for the supplies from four direct-current gener- 
ators in a room adjacent to the switchboard. It 
also carries outlet jacks from 12 storage batteries 
of 10 v each, total capacity 240 amp hr, housed in 
an adjacent room. The necessary charging facili- 
ties are incorporated on the board. There are also 
outlets for 120—208-v a.c., 208-v a.c. three-phase, 
120-v regulated a.c., 4-, 8- and 12-v a.c. and a 
timer with impulse intervals of 0.1, 0.5, 1 and 2 
sec. All transfers of supply to the various rooms 
are made through jacks on the board and plugs 
with attached cords. Male and female jacks are so 
arranged as to minimize danger from errors in 
making transfers. A color code incorporated in 
the jack caps differentiates the various kinds of 
voltage. The transfer lines to the various rooms 
were designed to carry 50 amp. Many rooms, 
particularly research rooms and electrical labo- 
ratories, are provided with lines adequate to 
carry 100 amp. All wiring is carried in conduits, 
many of which are incorporated in the concrete 
structure. 

The switchboards on the second and third 
floors are similar to the one on the ground floor 
with the exception of the d.c. generator controls. 
To the board on the second floor is connected 
another set of 12 10-v storage batteries of large 
capacity with adequate controls for charging. 
Each student laboratory is provided with its 
individual distribution board, which is fed from 
the a.c. and d.c. lines and transfer circuits from 
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the nearest main board. The local distribution 
boards by means of jacks and plugging cords feed 
the various panels in that laboratory. They are 
also of steel. Small panels are of Bakelite, the 
circuits terminating in jacks. Most of the panels 
in the various laboratories and in the research 
rooms carry three transfer circuits to the main 
board, and a 120- to 208-v a.c. supply of 50-amp 
capacity.2 To obviate having to use plugging 
cords with a great variety of lengths, a binding- 
post plug was designed which has been found very 
satisfactory. Since the main boards are intercon- 
nected it is possible to provide any room carrying 
outlet panels with any source of available power 
and to interconnect through the switchboards 
any two rooms in the building. Complete flexi- 
bility is accordingly obtained. 

The laboratory possesses a 6000-v, 30-kw, 
direct-current motor-generator set. The generator 
has four 1500-v units, the leads from which termi- 
nate on a special board which carries the field 
controls for the generators. Special circuits 
leading to a number of rooms which may require 
such potential are fed into jacks on panels having 
a push-button control designed to open the 
generator field when for any reason it is desired 
to remove the potential from the panel.’ 


THE LIBRARY 


While the University maintains an excellent 
central library, access to technical books must be 
rapid. A library located on the third floor of the 
central portion of the Institute houses the books 
and current periodicals for the engineering de- 
partments and those of chemistry and physics. 
The reading room is 50X90 ft, and is finished in 
light oak and excellently furnished. It will ac- 
commodate 200 readers. The lighting, is semi- 
indirect by means of fluorescent lamps. The room 
is air-conditioned. The stacks at the end of the 
room are adequate to house 75,000 volumes and 
are equipped with carols for individual work. 


DARKROOMS 


There are seven darkrooms distributed in ap- 
propriate places throughout the physics wing. 


2 The Underwriters code prohibited the use of terminal 
switches unless enclosed. An installation including enclosed 
switches of the capacity of the circuits is prohibitive in 
cost and exceedingly cumbersome. 

3 All switchboards and panels were supplied by the 
Standard Electric Time Co., Springfield, Massachusetts. 
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The size of each darkroom approximates 7 X9 ft. 
All are equipped with stone sinks; on the left of 
the sink is a stone drainboard and on the right is 
a shallow stone tray-like drainboard which may 
be used to regulate the temperature of the de- 
veloping process or to wash plates or films. Hot 
and cold water, gas and air complete the sink 
equipment. Below the sinks are cabinets for 
storing processing equipment. Additional floor 
and wall cabinets are supplied for the storage of 
chemical and other supplies. The illumination in 
the room may. be either‘a ruby or a clear incan- 
descent lamp. The switch control for the clear 
light is placed 18 in. above that for the ruby light 
in order to avoid confusion. Walls are tinted with 
either a special red or green flat paint. In some 
instances the entrance to the darkroom is through 
light traps; doors are also light sealed. 


MISCELLANEOUS FEATURES 


Laboratory Furniture—All laboratory furni- 
ture such as cases, cabinets and tables is of birch 
finished with a gray enamel matching the 
trimming on radiators, window and door frames. 
Table tops are built up of edge grain maple and 
finished with a black acid-resisting material. All 
laboratories and research rooms are equipped 
with the necessary tables and storage cases and 
cabinets. Most of the doors to cases and cabinets 
are of the sliding type. 

Office Furniture.—All offices are provided with 
steel furniture supplied by the Metal Office 
Furniture Company. They are equipped with 
desks, tables, chairs, bookcases, filing cabinets 
and wardrobes or costumers, all finished with a 
dark gray enamel. The chairs are upholstered in 
dark red imitation leather. 

Illumination.—The illumination throughout 
the Institute is almost completely of the fluo- 
rescent type and designed to give about 25 
lumens per ft? at table tops. The fixtures are de- 
signed to carry two 40-w lamps suspended in a 
horizontal position. 
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Shades.—Venetian blinds are used throughout, 
and rooms in which complete darkness is required 
also have lightproof shades. 

Wall Planks.—For the mounting of instru- 
ments on walls without marring their finish, wall 
planks are provided. Planks of white pine, 
2 ft X6 in., bolted to the walls at elevations of 3.5 
and 7 ft, extend around all laboratories and re- 
search rooms. 

Decoration.—With few exceptions all walls are 
finished with hard plaster and paint of a light 
color in harmony with the furniture. These 
finished walls add decidedly to the general ap- 
pearance of the interior. In fact, everything has 
been done to avoid a factory appearance and to 
stress aesthetic values. 

Blackboards.—Blackboards throughout the 
building are of glass. The surface is a roughened 
black glaze incorporated in the glass. The glass 
plates are 48 in. high with the chalk rail at 35 in. 
from the floor. Crayon rests on a perforated metal 
strip which does not touch the bottom of the rail. 
Crayon dust falls to the bottom of the rail 
through the perforations and may be easily re- 
moved by means of a vacuum cleaner. 

Heating and Ventilation——The building is 
heated by hot water and air. Steam from the 
central University plant enters the building at a 
pressure of 125 lb/in.? and is fed at 40 lb/in.* into 
heat interchangers where it heats water which is 
pumped through the radiator system. All radi- 
ators are of the convector type with differential 
thermostats to regulate the room temperature. 
Where ventilation is essential, as in laboratories 
and rooms in the subbasement, electrostatically 
cleaned warm air is supplied. Lecture rooms are 
ventilated and heated with warm air. Rooms 
which are not directly ventilated are indirectly 
ventilated as a result of corridor hot-air heating. 
In the false ceilings in the corridors are openings 
into air ducts above the false ceilings through 
which warm air is forced. 


Vo man ever had genius who did not aim to execute more than he was able. 
—Humpurey Davy. 
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Clocks, Rigid Rods and Relativity Theory 


L. INFELD 
University of Toronto, Toronto, Canada 


1. With some hesitancy, I take part in the 
discussion of certain aspects of restricted rela- 
tivity that has recently developed in this journal.! 
I do it at the invitation of the editor who has 
asked me to present dispassionately the differ- 
ences between Epstein’s and Dingle’s views. 

In his first article, with which this discussion 
started, Epstein analyzed two topics: that of the 
legitimacy of a clock and that of the reality of 
the Lorentz contraction. But as the discussions 
proceeded, the differences of opinion branched 
out in many other directions, confusing the 
original issues. My intention is to stick to the 
original two subjects: that of the behavior of a 
clock and of the contraction of a rigid rod. 

I shall start by ignoring the discussion and 
the differences of opinions altogether and shall 
come back to them only after having prepared 
the ground for understanding them. 

2. For the moment we shall ignore not only 
the opposing views but also the concepts of 
relativity theory. Let us start by discussing the 
concept of a perfect clock as it appears in classical 
physics. 

We shall talk both now and later about ideal 
clocks and about ideal experiments. It is im- 
material whether we can perform such experi- 
ments or not. Everyone who has studied physics 
knows how important has been the role of such 
ideal experiments in the classification and formu- 
lation of new concepts and new theories. 

It will be well, for the understanding of the 
role of clocks in classical physics, to start with 
two concepts: the strictly periodic clock, and the 
strictly aperiodic clock. No clock—in the ordinary 
sense of the word—is strictly periodic or strictly 
aperiodic. But the understanding and use of these 
fictitious instruments will make our task much 
easier. 

A periodic clock is a periodic clock. This sen- 
tence does not sound very clever. What it means 


1P. S. Epstein, Am. J. Phys. 10, 1, 205 (1942); H. 
Dingle, Am. J. Phys. 10, 203 (1942), 11, 228 (1943). 
Before preparing my article I read the manuscript of 


Professor Dingle’s second reply, which appears in this 
issue. 


is that there is no catch here. My watch, a 
pendulum, an hour-glass turned over each time 
the top empties is a periodic clock. 

But the strictly periodic clock is a still different 
object; it is an idealization of the periodic clock. 
Imagine a lamp in my room turned on and off 
say every minute. The lamp is small and fixed; 
that is, its spatial position can be characterized 
in my coordinate system by three fixed numbers. 
The turning off and on is performed by some 
periodic mechanism. Or, more generally, signals 
are sent from the same point of space in my 
coordinate system in time intervals, regarded as 
equal and called, say, 7. This is what I mean by 
a strictly periodic clock, at rest in my coordinate 
system. I determine time on this clock by count- 
ing the signals. Or, if I am too lazy to do it, I can 
just as well imagine that this counting is done 
automatically. I can imagine that a number 
appears on my wall, increasing by one each time 
the light is flashed on. Thus, I have a periodic 
mechanism emitting periodic signals and, in 
addition, a mechanism that counts these signals. 

With the help of such a clock I now determine 
the time of any other event. But I cannot do it 
exactly. If an event took place when the number 
on my wall was 100, I may say that the event 
took place sometime between 1007 and 1017, 
but with such a clock I cannot push further the 
accuracy with which I determine the time at 
which events happen. But this is not a very 
serious objection. I can well imagine that T is as 
small as I wish, that the mechanism is adjustable 
so that T can be made arbitrarily small. In this 
case I can determine the time in which an event 
happens as accurately as I wish. 

In actual experiments I could represent such a 
strictly periodic clock fairly well even by simple 
means: by counting the grains of sand that drop 
from an hourglass in which equal numbers of 
grains determine equal intervals, or byecounting 
the beats of a healthy heart as long as its owner 
does not move. The essentials in the concept of a 
strictly periodic clock and its use are: the emission 
and observation of signals at one point in space 
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(in my coordinate system), their periodic appear- 
ance and the counting of the signals. 

Enough has been said, for the moment, about 
the strictly periodic clock. Let us now turn to 
the strictly aperiodic clock. 

We assume that my coordinate system is an 
‘inertial coordinate system, that ig, one in which 
the laws of classical mechanics are valid. In this 
case, a thrown particle on which no external 
forces are acting moves with a constant velocity. 
Thus such a particle can be used as a clock. Its 
distance from the point of departure is always 
proportional to the time; and if I know this 
distance and the proportionality factor—that is, 
the speed—then I can always determine the time. 
Thus I have a clock, but a clock that is strictly 
aperiodic. The particle never returns to its 
initial position and I determine the time not by 
counting but by measuring. I can just as well use 
other examples of a strictly aperiodic clock; if a 
particle falls in a gravitational field, I may use 
the formula, s = }g#?, and determine the time ¢ by 
measuring s, the distance traversed by the par- 
ticle, if g, its acceleration, is known. 

Let us repeat the definitions of a strictly 
aperiodic and a strictly periodic clock in a more 
formal manner, though this formulation is not 
essential for our later argument. 

Let us assume that the state of a system 
is characterized completely by k 
quantities, 


measurable 


Si, So, . oe Sk, (1) 


which are positions, momentums, and so forth. 
To know the system means to know the quantities 
Sa as functions of time, that is, Sa=S.(t) for 
a=1,2,---,k. Let us take any one of these 
quantities (1), say S,.(t), and represent ¢, the 
time, as a function of S.: 


t=t(Sa). 


By measuring S, I can always determine time, 
if, as we assume, ¢ is a single-valued function 
of S.. This is the general definition of a strictly 
aperiodic clock. 
Let u? next assume that our functions S, have 
the following property: 
Sa(t-+nT)=Sa(t), a=1,2,---,k, 


where » is an integer and 7 is a fixed interval of 
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time. In this case we cannot use our system as a 
strictly aperiodic clock for arbitrary values of ¢ 
since ¢ is not a single-valued function of S,. 
But in this case, I can use the system as a 
strictly periodic clock. To do this, I have only 
to recognize the recurrence of identical states of 
the system and to count the reappearances of 
these states. 

Let us turn back from these abstractions 
towards experiment and practice. A clock as 
ordinarily used in classical mechanics is neither 
strictly periodic nor strictly aperiodic. But it 
usually has its periodic and aperiodic aspects. 
Let us explain what this means. A pendulum well 
represents a strictly periodic clock, if I restrict 
my observations to some fixed point in space and 
count how many times the pendulum passes this 
point. But I may also use it as a perfectly 
aperiodic clock if I measure its displacement and 
determine time by these measurements in in- 
tervals smaller than 7, the period of the pen- 
dulum. In an hourglass, if I determine time by 
counting the falling grains, I use it as a strictly 
periodic clock; but if I determine time by meas- 
uring the volume or mass of the collected sand, 
I have a strictly aperiodic clock. 

Usually we determine time by taking into ac- 
count both the periodic and aperiodic aspects of 
a system. On my watch the small hand counts 
the number of times the large hand passes a 
fixed point. Thus if I announce that it is 7:20, 
I have determined ‘‘7’’ by means of the periodic 
aspect of my watch, and ‘'20” by its aperiodic 
aspect. In determining the number ‘20’ I made 
use of the law that the angular velocity of the 
motion is constant (if this is the only thing I 
know about the watch) and deduced this number 
by considering a short interval in which the 
periodicity is not revealed. 

Thus the ordinary determination of time takes 
into account both the periodic and aperiodic 
aspects of a system called the clock. Only when 
we determine time by considering the aperiodic 
aspect of this system, do we have to know the 
physical Jaw by which the system is governed. 
The cases we have previously discussed of the 
strictly periodic and the strictly aperiodic clock 
are only limiting cases in which one of the aspects 
—periodic or aperiodic—either disappears or is 
ignored in our considerations. 
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The periodic aspect of a clock is revealed 
when signals are counted and the time in the 
form T is determined; the aperiodic aspect of a 
clock is revealed when time intervals smaller 
than 7 are determined. 

All this is extremely simple and may even 
sound trivial. But the lack of a clear distinction 
between these two aspects of a clock lies at the 
bottom of the differences in opinion of Epstein 
and Dingle. 

Let us now imagine that in my coordinate 
system I have very many identical and strictly 
periodic clocks, all at rest in my coordinate 
system and all properly synchronized. 

I now formulate a question: Will the rhythm 
of such a strictly periodic clock change tf the clock 


is moved with constant velocity relative to my - 


coordinate system? This question has nothing to do 
with relativity theory, but the answer to it has a 
lot to do with relativity theory. 

First: what is the meaning of our question? 
Let us imagine that the clock is put, say, in an 
airplane which moves with constant velocity 
relative to my coordinate system which is con- 
nected with, say, the earth. When in motion, 
this clock will pass and coincide with some of 
the many strictly periodic clocks distributed 
through space and at rest in my coordinate 
system. These clocks, you remember, consist of 
a periodic mechanism which flashes light off and 
on and an independent mechanism which counts 
how many times this has happened. We assume 
that when the airplane. passes my immediate 
neighborhood, my clock and that in the airplane 
both indicate the number “0.” I may add that 
the clock in the airplane is exactly the same as 
mine, that in constructing it the man in the 
airplane and I followed exactly the same rules. 
What these rules are does not matter as long as 
they lead to a strictly periodic clock. Now the 
man in the airplane will either notice that the 
numbers on his clock and those which he passes 
are always the same, or he will notice that they 
are not always the same. If the coinciding 
numbers are always the same, we conclude that 
the moved clock does not change its rhythm; 
if they are not always the same we conclude that 
the moved clock does change its rhythm. Thus 
we now understand the meaning of our question 
about the changing rhythm of a clock. 
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If the classical physicist were asked whether 
or not the rhythm of the moved clock would 
remain the same, he would answer: 


The moved clock does not change its rhythm. If 
the number indicated by the clock in the airplane is 
n, and the number indicated by one of my clocks with 
which the clock in the airplane coincides is n’, then 
we always have 

n=n’. 
If the relativist were asked whether or not the 
rhythm of the moved clock would remain the 
same, he would answer: 


The moved clock does change its rhythm. The two 
aforementioned numbers » and mn’ are not equal. 
Instead we have the relation, 


ve 4 
n=n’ ( 1-5) 5 
ye 


where v is the speed of the airplane and c is that of light. 


Thus the question whether the rhythm of a 
strictly periodic clock changes or not when the 
clock is moved has perfect sense and the answers 
given to this question by classical physics and 
relativity theory are different. Only experiment 
could decide whether the classical physicist or 
the relativist is right; and experiment decided 
that the relativist is right. 

Let us now take a strictly aperiodic clock and 
ask the same question: does the rhythm of this 
clock change if the clock is moved? In dealing 
with this question, we approach the essential 
point of the argument. And it is this: the question 
is meaningless. One cannot ask whether a strictly 
aperiodic clock which is defined by the absence 
of rhythm will change its rhythm. We cannot 
answer the question; we can only reject it. 
Similarly, a decent man will not answer the 
question whether he has ceased to beat his wife 
but will reject it. We cannot explain, as we did 
before, what the question about the changing 
rhythm of an aperiodic clock means in terms of 
measurements. To repeat once more: the question 
is meaningless. 

The question whether the rhythm (or, as some 
call it, ‘‘rate’’) changes or does not has sense only 
if there is a rhythm. It has sense, of course, in 
the case of a strictly periodic clock. But it also 
has sense for an ordinary clock when it refers to 
the periodic aspect of this clock. It again be- 
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comes meaningless when it refers to the aperiodic 
aspect of this clock. Thus, in the case of an 
ordinary clock, our question, if understood prop- 
erly, is still meaningful. But it loses its meaning 
in the limiting case of a strictly aperiodic clock.? 

We can now pass to the discussion between 
Epstein and Dingle. I shall try briefly to formu- 
late these diverging views in my own words. 
(The discussion between Epstein and Dingle 
shows that one does not avoid trouble by using 
quotations.) 

Dingle: There are clocks, respectable clocks 
from the point of view of classical mechanics, 
that will not show the change of rate predicted 
by relativity theory. Example: an hourglass, 
where time is measured by the volume or the 
mass of the collected sand. 

Epstein: All clocks satisfying the criterions of 
legitimate clocks, as formulated by relativity 
theory, show the relativistic change of rhythm. 
Dingle’s clocks, which measure time by the 
volume or the mass of collected sand, are illegiti- 
mate clocks. 

Infeld: All periodic clocks show the relativistic 
change in rhythm. For aperiodic clocks—for 
example, those measuring time by volume or 
mass—the question whether or not they show 
the changing rhythm is meaningless. 

I am well aware that my interpretation is in 
essence nearly identical with that of Epstein’s. 
But I do not see why Dingle’s clocks should not 
be called clocks. I do not see why the fact that 
these clocks have no rhythm makes them illegiti- 
mate. Dingle is right, I believe, that they ought 
to be called clocks and that the astronomers in 
Greenwich or Washington would approve of it. 
But this is a minor question in definition. 
Epstein and I agree that these clocks will not 
answer the question about the relativistic change 


2One might think, superficially, that I can change a 
strictly aperiodic clock into a periodic clock by some 
properly added circular dial. But, of course, the essential 
point is the periodicity of the whole system, and the whole 
system cannot be made periodic merely by adding a 
periodic dial. 
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in rhythm, that they have nothing to say on 
this score, whereas Dingle thinks (if I under- 
stand him correctly) that they will answer this 
question in the negative. 

3. The other question which Epstein raises in 
his article is whether or not the contraction of a 
moving rod is real. Epstein’s answer is ‘‘Yes”’ 
and Dingle’s answer is ‘‘No.” 

Epstein’s argument is that this contraction can 
be explained dynamically, therefore we ought to 
call it real. Dingle’s argument is that this con- 
traction depends on the choice of the coordi- 
nate system, therefore it ought to be called 
“‘apparent.”’ 

The question is whether this contraction can be 
called real in the ordinary sense of the word. But 
what does “‘real’’ mean in the ordinary sense of 
the word? 

The explanation of the word ‘‘real”’ in Webster’s 
dictionary is too long to be quoted here. And I 
believe it will be of little use in deciding between 
Epstein and Dingle. I do not believe that this 
decision can be made on the plane of logical 
arguments. The logical positivists would declare 
here that the question is meaningless, that our 
language is confused and that we can give two 
different definitions of the word “real,’’ both 
sounding reasonable, both leading us to different 
conclusions with respect to the contracting rod. 

I see (rightly or wrongly) in this difference of 
opinions an instance of two different philosophic 
views known under the names of realism and 
idealism. I, myself, agree with Epstein, and I 
would call this contraction real. But I do not 
see how I could convince someone of this by 
logical arguments. I am very much afraid that in 
arguing my case I would have to fight the 
philosophy of idealism and I would have to 
show that idealism leads to a social attitude 
which I regard as wrong. But if a physicist, 
talking to other physicists on technical matters, 
finds himself mentioning social attitudes, then 
it is high time for him to stop. 


Laeas are, in truth, forces. Infinite, too, is the power of personality. A union of 
the two always makes history.—WILLIAM JAMES. 





An Improved Type of Examination for Physics Courses 


MERRILL RASSWEILER 
Northern Montana College, Havre, Montana 


T is our purpose to present a type of physics 
examination that we have used for several 
years with great satisfaction to both teacher and 
student. We present it at this time because now, 
more than ever, the encouragement of the physics 
student and the correct evaluation of his work 
are of the utmost importance. Never before have 
we taught physics to such a varied group or 
with such a seriousness of purpose. 

The traditional physics test places the teacher 
on the horns of a dilemma well known to us all. 
The examination should have enough breadth 
to give all types of student a fair chance and at 
the same time have enough depth to test pene- 
tration. The limits set on examination time 
usually make this impossible, and we are likely 
to find that after our best efforts, final examina- 
tion grades do not match our estimates of the 
student’s work. 

Who has not heard the student complain, 
“If you had just asked something else . . .,” 
and who has not had to admit some justice in 
his argument? Recently brought to our attention 
was a statement in a current textbook:! “In 
three times the available time no college student 
could possibly assimilate all the subject matter 
presented in various textbooks of general 
physics.”’ Naturally, students with widely differ- 
ent backgrounds assimilate different parts of the 
material, and most of us teach unsorted students 
whose interest, preparation and experience are 
by no means the same. In view of this fact and 
the limits in time, most tests of the traditional 
type determine, not what the student knows, 
but merely a few things that he does not know. 
We believe that this is in part at least responsible 
for the bad repute physics has among students 
and the discouragement of many who are in- 
terested but feel they do not have a chance. 

The obvious but impractical solution of the 
problem of testing the student for knowledge 
rather than ignorance is, of course, to let him 
write whatever he knows. This solution, how- 


1 Millikan, Gale and Edwards, A first course in physics 
for colleges (Ginn, 1938), Preface. 


ever, must be ruled out by such considerations 


_as the need for giving numerical grades, the 


average student’s lack of organizational ability 
and the danger of blank minded memorization. 
Furthermore, since present emphasis indicates 
that physics is to be used as a basic tool for 
modern industry and science, it is necessary to 
determine whether or nor the student can apply 
his knowledge by requiring the solution of 
certain specified problems. We believe that the 
tests we are using come very close to the ideal 
of testing for knowledge and its application and 
at the same time provide the elements of objec- 
tive grading, guidance and challenge. 

In their present form these examinations are 
graded on a percentage basis; each covers one 
quarter’s work, is written in two hours and con- 
sists of four parts. It will be seen, however, that 
the idea may easily be extended to any or all 
physics tests. 

Part A consists of a series of questions on 
principles, laws and definitions, and has one 
question on every principle, law and definition 
introduced during the quarter. These questions 
are of the direct form such as: 


(1) Define the dyne. 

(2) State Faraday’s laws. 

(3) Distinguish between longitudinal and transverse 
waves. 


There are 30 to 40 of these questions, from which 
the student chooses exactly ten questions at 3 
percent each, making a possible total of 30 
percent for Part A. ‘ 

Part B consists of a series of simple problems, 
each involving only a single physical principle, 
and there is one problem for each principle 
studied during the quarter. This part usually 
has from 25 to 30 problems, such as: 


(1) An airplane sets its course to fly due east with an 
airspeed of 100 mi/hr, but a 10-mi/hr wind is blowing 
directly from the south; what is the velocity of the airplane 
relative to the ground? 

(2) Two point charges of 200 esu each are separated by 
5‘cm in a medium of dielectric constant 20; what is the 
force exerted by one on the other? 
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(3) A string, 1 m long and fastened at both ends, 
vibrates with a fundamental frequency of 180 vib/sec; 
with what velocity is the wave traveling along the string? 


From this part the student chooses exactly ten 
problems at 5 percent each, making a possible 
total of 50 percent for Part B. 


The student has now had a chance to accumu- 


late a total of 80 percent and can make up the 
remaining 20 percent from either Part C or 
Part D. 

Part C consists of a series of more difficult 
problems requiring the combination and applica- 
tion of several physical principles in order to 
reach a solution. It contains from 8 to 12 prob- 
lems such as: 


(1) What is the average angular acceleration of an 
automobile wheel 8 ft in circumference while the car 
changes its speed from 15 to 45 mi/hr in 6 sec? 

(2) A galvanometer has a resistance of 200 ohms and a 
sensitivity of 0.00001 amp/div; what must be done to 
make it into an ammeter that will read 1 amp for each 10 
divisions on the scale. 

(3) A wooden organ pipe open at both ends sounds a 
fundamental tone of 320 cycle/sec at 20°C when the speed 
of sound is 343 m/sec; what frequency will it sound at 0°C? 


From this section, the student may obtain credit 
for not more than two problems at 10 percent 
each. 

Part D consists of a short group of four to six 
“bonus” problems, which are intended to be as 
complex as is consistent with a conceivable 
situation, and as can be stated without am- 


biguity and solved within a reasonable time; 
such as: 


(1) A solid metal cylinder 2 ft in diameter and weighing 
500 Ib is free to roll down a surface inclined at 30° to the 
horizontal; if the rolling friction is negligible and no slip- 
ping occurs, what is the angular velocity and what is the 
linear velocity after it has rolled 20 ft? 

(2) A direct-current series-wound motor takes 2 amp 
from a 110-v line when loaded so as to run at 1750 rev/min. 
The resistance of the armature is 2 ohms and that of the 
field coils is 4 ohms. If 5 percent of the theoretical power 
developed is lost to friction, what torque is the motor 


exerting? 

To solve these problems the student must not 
only have a thorough grasp of the principles, 
but must also understand their interrelationship 
well enough to use them in a logical attack. For 
the correct solution of any of these problems 
the student receives 20 percent each, either to 


replace Part C, to cover possible errors in pre- 
vious parts, or to amass a total exceeding 100 
percent, a feat that has been often tried but 
rarely accomplished. 

It will be seen that the basic difference between 
this and other ‘‘wide choice” tests is that every 
effort is made to include in Parts A and B 
questions on every phase of the work covered. 
The problems of Part C should represent at least 
every combination of principles that the student 
has encountered in the more difficult problems of 
the daily assignments. The foregoing problems 
are cited simply as examples of the types used 
in the four parts of the test and are not presented 
as having any special merit as problems. The 
particular weightings of problems and parts 
have been worked out to give the most satis- 
factory results for our grading system and 
examination time. Of course they would have to 
be adjusted for other institutional grading 
schedules and other examination times. We use 
different weightings for one-hour examinations 
and feel that the idea could be adapted to many 
courses and systems of grading. 

Of the many good effects which have resulted 
from the use of this type of examination perhaps 
none is more important than that upon the 
student’s efforts to review. We all know that a 
really thorough review of the whole term of 
physics with the aim of integrating, digesting 
and preparing to show assimilation of anything 
he may be asked is a job the average student 
simply cannot or will not do. As a result, in 
approaching the traditional final examination 
many students either flutter frantically through 
the pages of the term’s work, coming to the 
examination with mental indigestion from too 
wide a sampling of the physics smérgasbord, 
or spend the afternoon sitting on their books 
in the sunshine and come to the examination 
clutching cheerfully that pearl of wisdom, 
“He can’t flunk us all.”’ 

It has been our experience that in approaching 
the present type of examination the student 
does review. To produce this result it is essential 
that the student understand thoroughly the type 
of examination he is to take. It must be empha- 
sized that the test offers the student such 
breadth of choice that time will not permit trying 
all of the problems in turn in an effort to find 
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ten that he can solve; he must know thoroughly 
at least some things and know which ones he 
has mastered. Even the slow or poorly prepared 
student will be able to recall some things which 
he understood fairly well, and the prospect of 
refreshing and clinching these does not appear to 
him to be an insurmountable task. In fact, he is 
often astonished to find that there are ordinarily 
only 20 or 30 principles studied altogether. 

The morale of the students, particularly of 
those who are required to take the course with 
inadequate preparation or those who take it as 
an elective, is greatly improved. It is not sur- 
prising that the student often feels desperate 
and discouraged after beginning his college 
physics course. He knows its reputation as a 
short cut out of academic life. His textbook 
perhaps tells him flatly that he cannot hope to 
master much of the material. The use of some 
higher mathematics for the benefit of the better 
prepared members of the class goes over his 
head, leaving him feeling helpless and frustrated. 
This is particularly true of the unsorted groups 
found in the physics classes of the smaller colleges. 

Our students are not appalled by the task 
ahead when they begin the physics course. 
They feel secure in the knowledge that anything 
they learn may be placed before the instructor 
for credit. They know that if their mathematics 
is weak there will be plenty of questions that 
do not require complex mathematical manipula- 
tions. The good student realizes that the average 
grade will be high and that, therefore, he must 
pay close attention to the more complex aspects 
of the work in order to stand out from his fellows. 
It may be argued that the lazy student will sit 
back and loaf; but it is our contention that such 
a student will find his way out of work in any 
case, and often the fact that he has no excuse 
to offer, even to himself, for a low test grade 
comes as a severe and beneficial shock. 

From the teacher’s viewpoint it is gratifying 
to have the student come to a final examination 
confident of some measure of success and leave 
without complaints or excuses. We have never 
had students say that this test is a “‘cinch;” 
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even the best of them leave without knowing 
how all the problems are solved. As a rule all 
students stay until the last bell has rung, making 
one last stab at the bonus problems. On the 
other hand, they no longer complain: ‘‘too diffi- 
cult,” “unfair,” or “I just didn’t study the right 
things.’’ Grading these examinations is a real 
pleasure instead of an occasion for wondering 
if one should be in teaching after all. The ma- 
jority of students show real and positive accom- 
plishment. The fuzzy thinking encountered so 
often before is largely gone, and the meaningless 
definitions formerly so common are now few 
indeed. 

Finally, we believe that our test does a much 
better job of evaluating student effort and ac- 
complishment. We are finding that final exami- 
nation grades correlate astonishingly well with 
our previous estimates of the student’s work, 
estimates which in a small class with close 
contact in laboratory work are real and impor- 
tant. We feel that every student whatever his 
‘“‘major”’ or his preparation has had a fair chance. 
On our system, a perfect 80 percent on Parts 
A and B gives a student a very high C. On this 
basis, mastery of about one-third of the work 
covered, together with good class effort and 
first-class laboratory work might result in a B. 
We believe this is essentially right and that the 
nonengineer or nonscience student should not 
have to appear stupid because of a low grade 
when he has done all that could be expected of 
his best effort. Often an average student, though 
he fails to solve any of the problems in Part D, 
shows a grasp of problem-solving technic in his 
attack on them that is well worth discovering 
and that deserves credit. 

On the whole we have found the use of this 
type of test to have many beneficial and far- 
reaching effects. The better review, the height- 
ened morale and the feeling of fair evaluation to 
come have increased interest and effort on the 
part of all types of student. This leads, of course, 
to more physics being learned—which should be, 
after all, the main objective of every teaching 
device. 
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The Problem of the Empty Flask* 


H. W. FARWELL 
Columbia University, New York, New York 


“ pl professor, what makes my Erlenmeyer flask 
walk into the stream of water when I am about to 
wash it?” 
“Just a minute. Suppose that you make it perfectly 
clear what you are talking about.” 
His diagram presented the situation more clearly to his 
professor so perhaps Fig. 1 will do the same for you. 


Fic, 1. Does the flask move as indicated? 


(1) Does the flask move as stated? Of course you will 
try it. 

(2) What is your first explanation? This assumes that 
you are satisfied about the facts in the case. 

(3) What is your second explanation? This assumes that 
your first one is wrong. 


* Publication assisted by the Ernest Kempton Adams Fund for 
Physical Research of Columbia University. 


Demonstration of Voltage Amplification with a 
Cathode-Ray Oscillograph 


F. L. TALBoTT 
Catholic University of America, Washington, District of Columbia 


HE voltage amplification of an amplifier and how it 
varies with the external resistance in the plate circuit 
can be rather clearly demonstrated, and the demonstration 


Fic. 1. Wiring diagram. 


made into a fairly quantitative experiment, by means of a 
cathode-ray oscillograph. The signal to be amplified can 
be supplied to the grid circuit of the amplifier tube by 
means of a transformer from a 60-cycle/sec power line. 


Fic. 2. Voltage amplification. 


The secondary of this transformer should have a rms 
voltage of the order of a few volts. Since it is desirable to 
have this voltage variable, a 110- to 10-v Variac works well, 
or a 110- to 135-v Variac connected to a 110- to 2}-v 
filament transformer can be used. The secondary of the 
transformer is inserted in the grid circuit between the 
grounded cathode and the ‘‘C”’ battery, and a large variable 
resistance Rz is placed in the plate circuit between the 
cathode and the ‘‘B” battery as shown in Fig. 1. The 
cathode is then connected to the ground terminal of the 
oscillograph, the grid side of the transformer is connected 
to the horizontal deflection terminal H and the anode side 
of the resistance is connected to the vertical deflection 
terminal V; this puts the voltage from the secondary of 
the transformer on the x axis and the drop across the 
resistance on the y axis of the oscillograph. The result is a 
straight line, as shown in Fig. 2. In order that the slope 


Fic, 3. Effect of overloading. 
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Fic. 4. Rectification. 


of this line may be equal to the voltage amplification it is 
necessary, of course, to have the x gain and the y gain of 
the oscillograph equal. This can readily be accomplished 
by connecting the transformer to the x- and y-deflection 
plates and adjusting the gains until the slope of the line 
is 45°. 

* According to the relation, 


‘i 
Rit+Rp” 


where yu is the voltage amplification of the amplifier, wo is 
the amplification factor of the tube, Rz is the external 
resistance in the plate circuit and Rp is the plate resistance 
in the tube, the voltage amplification should vary when 
the resistance in the plate circuit is varied. Accordingly, 
if the resistance in the plate circuit is changed, the slope of 
the line on the oscillograph changes. In this demonstration 
a simple triode, an 014, was used. As Rp for this tube is 
of the order of 10‘ ohms, values of Rx of the order of 104 
and 10° ohms should be tried. If a calibrated variable re- 
sistance is not available in this range, a series of radio 
resistors can be used. 

The effect of overloading can also be demonstrated 
simply by increasing the voltage from the transformer until 
the characteristic flattening of the curve at the ends occurs, 
as shown in Fig. 3. Rectification can also be shown, by 
increasing the ‘“‘C’’ voltage, or decreasing the ‘‘B”’ voltage, 
until one end of the line becomes horizontal. Owing to the 
wiring of the oscillograph this may be inverted from the 
conventional curve, as shown in Fig. 4. This effect is not 
noticeable in Fig. 3 owing to symmetry. 


u 


Student Misconceptions! 


ROBERT S. SHAW 
College of the City of New York, New York, New York 


1. Mathematical in Character 


That all relations between quantities are proportions, 
direct or inverse. 


That a point can be an axis. 
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That a change in the position of a decimal point changes 
the accuracy. 


That there is only a slight difference between 0.001 and 
0.0001. 
That approximate calculations are wrong; for example, 


that 4/3 ft is necessarily more correct as an answer than, 
say, 1.732 ft. 


I believe that teachers of mathematics are at some pains to impress 
this idea on their students, and in fact it has some validity; it is, how- 
ever, a hindrance when one intends to compare the result of a calculation 


with a measurement, or to state a result no more precisely than the data 
from which it was obtained. 


That “feet per second” is identical with ‘feet seconds,”’ 
that is, that ‘‘feet per second” is not really a quotient. 

That there is some mystic significance attached to the 
instant ¢=0, so that negative time cannot exist. 

That all the data involved must be known in order to 
solve a problem. 


For example, many students wish to know the mass of an object even 
though the mass cancels; or they do not realize that two unknowns may 
be used, and two equations formed. 


That problems may be solved without drawing sketches. 


This might be called the LaGrange fallacy; in the preface to his 


Méchanique Analytique he remarks, ‘“‘On ne trouvera point de figures 
dans cet ouvrage.’’? 


That the relation between two units is the same as that 
between the numbers expressing a quantity measured in 
the two units. 


Thus, from W =JH the student reasons that 17 =J cal. Strangely, the 


student does not make this error with familiar units, such as those of 
length. 


2. General in Character 


That anything in print must be correct; thus, that the 
textbook is correct even in those cases in which it does not 
make sense. 

That it is answers to problems, rather than solutions of 
problems, which are more important. 

This gives rise to the notion of ‘“‘Smith’s constant’’ (or ‘‘Finagle’s 
constant’’), the constant by which one must multiply his own answer in 


order to obtain the printed one. This ‘‘constant”’ is, of course, variable 
from problem to problem. 


That science can explain phenomena, that is, can tell 
“why” instead of “how.” 

That the study of physics requires the memorizing of a 
large number of “formulas.” 

I trust we are in agreement that the test of a student’s command of 


physics can be made in a room whose walls are covered with all the 
algebraic equations found in his textbook. 


3. Associated with the Laboratory 

That dials must initially read zero, even to measure 
differences. 

That it is permissible to discard an unfavorable measure- 
ment—one which does not agree with ‘‘theory’—from a 
total of only two or three measurements. 

That a thermometer reading is a temperature. 


Thus, in a room containing gas flames and melting ice, the ‘room 


temperature” can be found by reading a thermometer anywhere in the 
room. 
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That stirring introduces more error in temperature 
measurement than it corrects. 


This is a special case of the preceding misconception. 

That an electric connection is essentially geometric, 
so that it is not necessary to tighten binding posts (or look 
for broken wires). 


4. Associated with the Classroom 

That “g” is an abbreviation for gravity, that is, for a 
force. 

That the sign of g is absolute, not a matter of convention. 

That centripetal acceleration v?/r is a constant accelera- 
tion. ’ 

This one is our fault; we need two words here, as we have in speed and 
velocity. 

That an upward acceleration of, say, jg consists in 
reality of two accelerations—one of 5/4 g upward, the 
other of g downward. 

That periodic motion of an object means that the object 
is in equilibrium. 

Thus the student believes that an object which has uniform circular 
motion is acted upon by balanced forces; the ‘‘average’’ motion of the 
object does not change. In this, as in the two previous examples, the 
student’s position of reference is the surface of the earth. 

That there was no relativity of any sort prior to Ein- 
stein. 


This misconception is interesting, though perhaps not important. 


That the earth’s magnetic pole under Canada is of the 
same kind as that one of the compass poles which points 
toward Canada. 

That the direction of flow of electrons is the “‘true’’ 
direction of the current, even though the latter direction 
is defined differently; and, as a corollary, that the direction 
of electron flow “‘really” should be used in the rule relating 
current direction to direction of magnetic field. 


! For other lists of student misconceptions, see H. A. Perkins, Am. J. 
Phys. 11, 101 (1943); D. Roller, ibid. 11, 101, 165 (1943); P. C. Fine, 
ibid. 11, 165 (1943); P. Kirkpatrick, ibid. 11, 165 (1943). 

2 Cajori, History of mathematics (Macmillan, ed. 2), p. 255. 





The Teacher Shortage: A Typical 
Emergency Solution* 
F. T. RoGers, Jr.t 
The University of Houston, Houston, Texas 
ARLY in 1942 this institution was faced on extremely 
short notice with the need for a faculty to instruct 
several hundred students in elementary electricity and 
radio matériel.! Many additional staff members were thus 
required at a time when nearly all regular teachers of such 
subjects were already engaged elsewhere in war work. 
This problem was solved with remarkable success, judging 
by the students’ subsequent good work and by the opinions 
of several disinterested administrators, through emergency 
measures much like those recently suggested by H. L. 
Dodge.” 
The group of teachers finally assembled, consisted of: 
(z) six radiomen, experienced as commercial servicemen and 
FCC-licensed amateurs, who taught all laboratory classes; 


DISCUSSION 





(ii) two chemists with B.S. degrees, one of whom taught 
mathematics in the program, while the other (who was ex- 
perienced in practical radio as well) operated the stock room 
and handled all details of apparatus and equipment main- 
tainance; (diz) one mathematician, with the M.S. degree; 
(iv) four electrical engineering (communications) majors, 
two with B.S. degrees, one with an M.S., the other lacking 
a few months’ work for his B.S.; (v) two members of The 
Houston Public School System high school physics stafl, 
with M.S. degrees and several years’ teaching experience; 
and (vi) two members of the University physics staff, 
an M.S. and a Ph.D., and one other physicist with a B.S. 
Inasmuch as it was not possible closely to supervise and 
direct the work of this staff, unusual care was taken to 
select people for it who would find both the work and their 
colleagues actively congenial. 

In terms of a recently proposed scheme? for objectivel\ 
rating teachers, the ratings of this emergency staff when 
first assembled were: five A’s, five B’s, four C’s and four 
D's. A year later there were the same number of A’s and 
B’s, seven C’s, and one D. The improvement in the year's 
time is attributed in two cases to ‘‘experience gained on the 
job,” and in the other case to replacement. 


* Contribution No. 72 from The Division of Sciences of The Uni 
versity of Houston. 

+ Presently with The Lukas-Harold Corporation, Indianapolis, Ind. 

1F. T. Rogers, Jr., Am. J. Phys. 11, 46 (1943). 

2H. L. Dodge, Rev. Sci. Inst. 14, 29 (1943). 

3C. J. Lapp and M. W. White, Am. J. Phys. 10, 154 (1942). 





The Time Concept in Restricted Relativity 


HERBERT DINGLE 
Imperial College of Science and Technology, London, England 


:. 


AM sorry that Professor Epstein finds it necessary to 

introduce so much passion into his discussion of this 
question. On the main questions I am satisfied that enough 
has been written to enable an intelligent impartial reader 
of my book! and articles, and the succeeding discussion,‘ ° 
to form his own opinion. I should therefore have let the 
matter rest had not Professor Epstein levelled a charge 
against me that I cannot let pass. ‘‘He [Dingle] skims 
through my article,” he writes,® ‘“‘and picks out a few 
sentences without bothering about their context; he im- 
putes to me several assertions that I never made, at the 
same time completely ignoring the bulk and essence of 
my analysis.”” On the contrary, I read his article with great 
care, and although I quoted sentences apart from their 
context—how can one quote otherwise?—I deny that I did 
so without ensuring that their meaning was not thereby 
altered. As for ignoring the bulk and essence of the analysis, 
I would remark that Professor Epstein chose, on his own 
initiative, to criticize what I had written and to add some 
reflections of his own. I felt an obligation to reply to the 
criticisms, but none to volunteer comments not essential 
to that end; I deny that I have evaded any of the criticisms. 

The most definite part of the charge, however, is that | 
have imputed to him assertions which he did not make, 
and two such are mentioned: (7) ‘‘That a legitimate clock 
must be a dial clock’’; (i) ‘‘That the time is determined 
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only by an uncorrected reading of a clock.’’ Let me take 
them in turn. 

(t) I cannot discover where I attributed this to Professor 
Epstein. I did myself say,® “of course, every clock must 
have a dial of some kind,’’ and I did say,® ‘‘the charge 
[Epstein’s] is based on the contention that, in a true 
clock, the dial reading must indicate the time directly, 
without correction.” It is obvious, I think, that if we speak 
of a clock reading, we imply a dial “of some kind,’ but 
the important thing is the reading, not the name given to 
the particular ‘aspect of the clock on which the reading is 
made, and Epstein certainly did say,‘ ‘‘the theory simply 
insists that a moment of time is nothing but the reading 
of a clock.’’ If, however, he insists, I will gladly remove the 
word “dial” and change my remark to “‘the charge is based 
on the contention that, in a true clock, the reading must 
indicate the time directly, without correction.”’ The answer 
to the next point will justify this remark, and the reader 
can now judge whether on this one I have imputed to 
|-pstein an assertion he did not make. 

(it) I gave quotations which I thought justified my 
interpretation of Epstein’s argument. I have re-read his 
article, and I still maintain that he did say clearly that 
an uncorrected clock reading defined the time. He forces 
me to repeat one of the quotations in its setting, so that 
there shall be no question of removing it from its context: 

We repeat emphatically that the equations of the Lorentz trans- 
formation in the forms (3) and (4), as well as all other equations of the 
theory of relativity, apply only to the case when the primed and 
unprimed symbols in them refer to the same events, which must be 
defined independently of any frame of reference. 

When this requirement is understood, the question of the legiti- 
mate clock construction becomes quite simple. It is identical with 
the question of the transformation of time units. If the time units 
defined by clocks are subject to the transformation expressed by 
Eq. (4), they cannot be anything but time intervals elapsed between 
two events, in the sense of the preceding section. Thus, every reading 
of a legitimate clock must be itself an event. This condition is satisfied 
by any dial clock since the fact that the clock hand points to the 
number 12, or to any other mark on the dial, is a statement quite 
independent of any reference system. It is also satisfied by any 
rotating or oscillating mechanism—the earth, a revolving atom, a 
pendulum—since the return to the original condition after a revolu- 
tion or oscillation marks an interval between two events, specified 
in the same independent way. The same may be said of practically 
every clock construction that is in actual use.‘ 


I cannot interpret this as saying other than that it is the 
actual coincidence of the hand with the mark on the dial 
that constitutes the event, and the time units ‘‘cannot be 
anything but time intervals elapsed between two events.” 
But a corrected reading is not an event. Hence the time 
units cannot be the differences between corrected clock 
readings. Indeed, in another part of his second article,® 
Epstein specifically says: “the readings of the hourglass 
are events and can be used to define the time units of a 
legitimate clock; after the correction, they: are no longer 
events and cannot be used so.”’ It is a pity that he did not 
re-read his first article before writing this, or he would have 
seen how necessary to his argument it was that the clock 
readings should be uncorrected. I think, however, I have 
said enough to exonerate myself from the charge that in 


this matter I have imputed to him an assertion that he 
did not make. 


DISCUSSION 


2. 


Although, as I have said, I believe the position will now 
be clear to readers of this journal who have read my book 
and articles, the majority of readers will not have done so, 
and I therefore take this opportunity of referring to a few 
points on which I think Professor Epstein’s criticism will 
have misled them. I choose only the three most important. 

(i) Epstein states that my remark, ‘‘there is no evidence 
of any kind for the definite retardation of clocks,” is 
contradicted by Ives and Stilwell’s experiment, where the 
“role of the clocks’’ is ‘‘played by the optical oscillations of 
atoms in a canal ray.” He fails to observe, however, that 
in the same article? I defined a ‘‘clock”’ as ‘‘any mechanism 
which successively records time intervals certified as equal 
by comparison with the standard intervals adopted at 
Greenwich and other observatories,” and this definition 
is essential to my argument. Clearly an atom does not 
satisfy it. A reader of Epstein’s criticism would imagine 
that I was challenging the Lorentz transformation formula, 
which is quite untrue. What I challenge is the idea that it 
will necessarily be exhibited by a clock within the meaning 
of my definition, which is the definition always assumed 
in practice. | say that what a moving clock will show de- 
pends on the construction of the clock, and that if its 
readings do not change in the Lorentz ratio, they must be 
corrected in order to get the time interval according to the 
adopted time-scale of physics. The article makes this 
perfectly clear. 

(ii) Epstein has an equally misleading passage in which, 
after quoting me as saying, ‘‘there is in physics no explicit 
definition of a clock,’’ he goes on to say,® “If there is no 
definition of a clock, then the concept of time itself is 
undefined and the relativists who use it in their formulas 
do not know what they are talking about. This is precisely 
the conclusion that Dingle draws.” 


Of course I draw no such conclusion. Let me quote what 
did say:* 


In physics there is no explicit definition of a clock. A time-scale 
only is prescribed, and any instrument which records intervals 
agreeing therewith can legitimately be used as a clock. . . . The 
familiar relativity transformation, di’ =dt/(1 —v2/c2)}, refers to the 
time-scale of physics, and can be logically deduced from the experi- 
mentally determined effect of motion on space measurement be- 
cause the time-scale itself is defined in terms of space measurement: 
it is quite independent of the behavior of moving clocks. 


Is it not clear that I am saying that there is an explicit 
definition of a time-scale, but not of a particular instru- 
ment which is to record that scale? It is precisely for that 
reason that I dispute the statement that a moving instru- 
ment will necessarily change its rate by the Lorentz factor, 
but I admit—nay, I insist—that if it does not do so 
its readings must be corrected to give the true time 
interval. How Epstein can say that I charge relativists 
with not knowing what they are talking about passes my 
comprehension. 


(iii) Epstein quotes the following passage from my first 
article? as though it were a refutation of my own argument: 
“circumstantial evidence for the effect described as a 
contraction of a moving rod is given by the Michelson- 
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Morley and other experiments, and the observational 
justification for accepting it as verified is very strong.” 
But this, so far as it goes, exactly expresses my position. 
I hold that the existence of the effect is practically proved, 
but by calling it ‘‘the effect described as a contraction”’ I 
imply that ‘‘contraction’”’ is a bad description unless it is 
taken metaphorically. What is there in this that is incon- 
sistent with my main argument? 

Again, he quotes® the following passage by Lorentz 
against me: “I should like to emphasize the fact that the 
variations of length caused by a translation are real 
phenomena, no less than, for instance, the variations that 
are produced by changes of temperature.’’ With regard 
to that, I can only say that the word “real” (which I 
first carefully avoided and then definitely disclaimed, but 
which Epstein persists in introducing) makes this passage 
ambiguous. If Lorentz means that there is just as truly 
an observable effect on length caused by change of motion 
as there is by change of temperature, I agree, as I have 
already said. If, however, he means that the changes are 
of the same character, then I disagree, and I will state why, 
not by quoting authorities but by plain reasoning. 

Suppose two rods, A and B, when at the same tempera- 
ture—according to any permissible temperature scale— 
and the same velocity—according to any permissible frame 
of reference—have equal lengths. (The temperature scale 
and reference frame are to remain unchanged throughout.) 
Now let the rods first, while retaining the same velocity, 
differ in temperature; then the colder will be the shorter, 
quite unambiguously, and if the change has been brought 
about by cooling A, then A will definitely have contracted. 
Second, let them, while retaining the same temperature, 
differ in velocity; then they either have the same length, 
or A is longer than B, or B is longer than A, according to 
the frame of reference which has been chosen. All frames 
are equally legitimate. Hence we can say that A has ex- 
panded or contracted, B has expanded or contracted, or 
both have changed—all for one single physical condition 
of the rods. All we have to do to justify whichever expres- 
sion of the effect we choose is to state our frame of reference 
correctly. Hence the ‘‘contraction’’ of A arising from 
motion is of a different character from the contraction of A 
arising from cooling. The first exists or not, according to 
our caprice; the second exists independently of our caprice. 

All Epstein’s difficulties arise from his inability to leave 
out the word “real.’”’ He brings in this word, then thimks of 
the contrast, appearance versus reality (‘‘appearance”’ here, 
of course, being equivalent to illusion) and decides that 
since the Lorentz contraction is not an illusion it must be 
real—overlooking in the process, of course, the essential 
difference between this ‘‘contraction” and the other “‘real’’ 
one arising from cooling. ‘‘All that I claim,” he says,® 
“is that the observer should not say that the rod only 
appears contracted.” I grant his claim with all my heart; 
I have never disputed it. All I ask in return is that he shall 
grant my claim that what is observed is physically of a 
different character from the contraction caused by cooling. 
If he will only forget the word “‘real”’ he will find that none 
of his criticism remains. 


3. 


I am sorry that this question has become so confused. 
My original purpose was very simple—namely, to bring 
about a clearer and wider understanding of what the 
special theory of relativity implies. Epstein is quite wrong 
in crediting me with a ‘‘theory”’ in this matter; I have none. 
I merely reason from facts, and show that certain wide- 
spread beliefs concerning the theory of relativity are mis- 
taken; the theory does not require them. I would ask any- 
one who is interested in the question to read my two articles 
in Nature,>* to which Epstein has devoted much more 
attention than to my book, and I would ask Professor 
Epstein himself kindly to read those articles again and to 
consider objectively what they say, without allowing him- 
self to be deflected by considerations of ‘‘Professor Dingle’s 
psychology.” 


1H. Dingle, The special theory of relativity (Chemical Publishing Co., 
New York, 1941). 


2H. Dingle, Nature 144, 888 (1939). 

3H. Dingle, Nature 146, 391 (1940). 

4P.S. Epstein, Am. J. Phys. 10, 1 (1942). 
5H. Dingle, Am. J. Phys. 10, 203 (1942). 
§P. S, Epstein, Am. J. Phys. 10, 205 (1942). 


Graphs for Technical Publications 


LMOST all technical treatises and periodicals contain 
numerous examples of graphs and line drawings that 
in one way or another violate accepted technical and edi- 
torial practices. The illustrations often are prepared with- 
out much evident regard for effective design and layout, 
correct terminology and notation, or economy of repro- 
duction. Frequently the terms, symbols and abbreviations 
appearing on a reproduced drawing differ markedly from 
those used in the edited textual material or even in the 
printed legend accompanying the figure. 

Skill in drawing is largely a matter of practice, and 
authors who must make their own drawings may not have 
the time or the interest needed to develop it. But many of 
the defects in published drawings are due, not to lack of 
drawing skill, but to failure to take cognizance of a few 
simple rules, particularly those concerned with design and 
layout. For this reason, one could expect marked improve- 
ments in published drawings if all authors would take the 
little time needed to read and absorb the excellent advice 
given in the new American Standards Association 26-page 
pamphlet on recommended practices for authors and drafts- 
men who are preparing graphs for reproduction in technical 
publications.! Although this pamphlet deals mainly with 
line graphs intended to show the relationship between two 
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MEETINGS OF THE ASSOCIATION 


variables in rectangular coordinates, many of the sugges- 
tions are applicable to other types of graphs and to line 
drawings in general. 

The pamphlet is divided into three main parts—design 
and layout, construction of original graph to be used for 
reproduction, and the handling of finished illustrations. 
Under these headings appear 71 specific, concisely stated 
recommendations, many of them accompanied by helpful 
comments and by reproductions of graphs that illustrate 
both recommended and undesirable practices (Fig. 1). 
Some idea of the character of the recommendations can be 
gained from the following excerpts: 


1.7 Supplementary data. . 
the face of the graph... . 

2.1 Very careful consideration should be given to 
the choice of scales since this has a controlling in- 
fluence on the apparent rate of change of the de- 
pendent variable. .. . 

2.6 Scale values and scale captions should be placed 
outside the grid area... . 

2.10 The scale caption should indicate both the 
variable measured and the unit. . . 

4.7 Curves [where there are several on the same 
graph] should, if practicable, be designated by brief 
labels placed along the curves . . . rather than by 
letters . . . or other devices requiring a key... . 

4.9 Curve designations should, if practicable, be 
kept within the vertical and horizontal limits of the 

. curves on the graph... . 


. are undesirable on 


Consider the last item, for example. If a drawing is 
lettered in a manner similar to that illustrated in Fig. 1, 
its area is needlessly increased, often by as much as 25 
percent; as a result, the cost of the cut and the space it 
occupies are unnecessarily large, or else the drawing must 
be reduced in printing, often to the point where the letter- 
ing or other details are illegible. 

Questions of proper notation and abbreviations are not 
of course the primary concern of a committee on graphs. 
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Nevertheless, for purely technical publications as con- 
trasted with popular or very elementary treatments, there 
seems to be little excuse for encouraging the use of such 
scale captions as “‘AIR DELIVERY, CU. FT. PER MIN” and 
‘““AREAS IN SQUARE FEET.” No mention is made of the form 
illustrated by the captions, 


AIR DELIVERY (FT®/MIN) 
AREA (FT?) 


—a form that is compact, easy to interpret and as useful 
for column headings in tables as it is for graphs. 

The committee makes the excellent recommendation 
that the use of many digits in scale numbers should be 
avoided and suggests that this be done ‘‘(z) by employing 
a power of ten as a factor in the scale value, or (zz) by using 
a clearly worded designation of the unit in the scale caption, 
such as ‘RESISTANCE, THOUSANDS OF OHMS.’ However, 
attention should be called to a third form, illustrated by 


RESISTANCE (10? OHMs) 


a form that indicates unambiguously that the unit by 
which each scale value is to be multiplied is, not 1 ohm, 
but 10% ohms. It is true, as the committee points out, that 
“ohms X 108”” should be avoided because it is ambiguous; 
one is not sure whether the scale numbers have been or 
are to be multiplied by 10, The ambiguity probably arises 
because ‘‘ohmsX 103,’’ even though it is mathematically 
equivalent to 10° ohms, is an uncommon form—as un- 
common as the expression “‘ohms, kilo-’’; hence is likely to 
be interpreted as having some unusual meaning. 
Attention should be called to three related American 
Standards publications:? Engineering and scientific charts 
for lantern slides; Drawings and drafting room practice; 
Graphical symbols for use on drawings in mechanical engi- 
neering. The last two publications are of particular interest 
to designers, draftsmen and teachers of drawing.—D. R. 
1Subcommittee No. 4 6n engineering and scientific graphs, Engi- 
neering and scientific graphs for publications (American Society of 


— Engineers, 29 West 39th St., New York), paper cover, 
cts. 


2 The price of each of these pamphlets is 50 cts. Address the American 
Standards Association, 29 West 39th St., New York, N. Y. 


REGIONAL MEETINGS OF THE ASSOCIATION 


District of Columbia and Environs Chapter of 
the Association 


The annual meeting for 1942-43 of the District of 
Columbia and Environs Chapter of the America Associa- 
tion of Physics Teachers was held at George Washington 
University on April 17, 1943. Fifty members and guests 


were in attendance. Fifteen papers were contributed as 
follows: 


A third-semester high school course in physics. G. M. 


KoERL, McKinley High School and George Washington 
University. 


Adaptations of air education in physics teaching. W. G. 
HeErnricuH, Landon School and Maryland University. 

Demonstration of voltage amplification of triode. F. L. 
TaLBott, Catholic University. 

Some simple experiments with precision results. E. L. 
KIRKPATRICK, Naval Research Laboratory and George 
Washington University. 

The problem of supernovae explosions. G. A. GAMow, 
George Washington University. 

Demonstration of the Volta effect. E. F. Fox, Catholic 
University. 

A high school experiment in circuit testing. NORMAN 
LAFAYETTE, Washington-Lee High School. 
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A minute sounder. W. T. WHELAN, Catholic University. 

An experimental hot-air engine. W. Horn, Roosevelt 
High School. 

Report of the New York meeting. Vota P. Barron, 
Goucher College. 

Army and Navy training programs and the war man- 
power situation in physics. H. M. Trytren, Roster of 
Scientific and Specialized Personnel. 

Some experiments with Lecher wires. T. B. Brown, 
George Washington University. 

The cathode-ray oscillograph as an impedance com- 
parator, G. D. Rock, Catholic University. 

An experiment in specific heat without the use of a 
calorimeter. G. M. KoenL_, McKinley High School and 
George Washington University. 

Demonstration of the d.c. Selsyn. C. A. Beck, Catholic 
University. 


At the business meeting the Chapter adopted the recom- 
mendation that, in calculating instructor load, one contact- 
hour be counted as such without reference to whether the 
hour is spent in lecture or laboratory, and that the Associ- 
ation be notified of this action. 

The officers elected for the year 1943-44 are: F. L. Talbott, 
President; W. A. Kilgore, Secretary; T. B. Brown, Vola 
Barton, Rebecca Andrews, Members of Executive Committee. 

W. A. KiLGore, Secretary 





Chicago Meeting, June 18 to 20, 1943 


The American Association of Physics Teachers met 
jointly with the Society for the Promotion of Engineering 
Education at the Drake Hotel, Chicago, Illinois, on June 
18, 19 and 20, 1943. Professor J. G. Potter was chairman 
of the program committee. 

At a luncheon meeting on June 19, Professor L. W. 
Taylor, President of the Association, spoke on the subject, 
“Physics teachers and the war.’’ In the evening many 
members of the Association attended the Fiftieth Anni- 
versary Dinner of the Society for the Promotion of Engi- 
neering Education. 

The attending membership passed the following motion 
concerning engineering education: A committee of the 
American Association of Physics Teachers shall be ap- 
pointed to study the problem of curriculums in physics 
leading to engineering degrees in cooperation or jointly 
with a similar committee to be appointed by the Society 
for the Promotion of Engineering Education. 

A resolution was passed asking that the officers and 
executive committee of the Association consider, as 
promptly as possible, ways and means of coordinating the 
various training programs for the armed forces in the 
fields of physical science with special reference to physics, 
and to help in solving numerous related problems of the 
present and the postwar period. 

Four sessions were devoted to the following invited and 
contributed papers: 


Curriculums Leading to Degrees in Engineering Physics 


The curriculum in engineering physics at the University 
of Maine. C. E. BENNETT, University of Maine. 
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Growth and changes in the engineering physics cur- 
riculum at the University of Illinois. P. G. KruGER, Uni- 
versity of Illinois. 

Requirements on industrial physicists. G. E. ZIEGLER, 
Armour Research Foundation. 
Discussion. H. L. DopGe, University of Oklahoma. 


How Can the Engineering Physics Course Best 
Serve the Engineer? 


Physics. J. W. Wooprow, Jowa State College. 

Civil engineering. F. C. Huntincton, University of 
Illinois. 

Electrical engineering. T. J. HiGccins, J/linois Institute 
of Technology. 

Mechanical engineering. M. F. Sports, Northwestern 
University. 

Methods found to be applicable in increasing the effi- 
ciency of learning in sophomore physics. G. P. BREWING- 
TON, Lawrence Institute of Technology. 


Physics War Policy 


The work of the war policy committee of the American 
Institute of Physics. P. E. Kiopstec, Central Scientific 
Company. 

Contributions to the training programs of the armed 
services; postwar planning for physics. R. C. Grpss, 
Cornell University. 

The physics war front in Washington. H. L. Dopce, 
University of Oklahoma. 


Discussion. K. T. Compton, Massachusetts Institute of 
Technology. 


Physics for the Armed Services 


Physics for Naval aviation cadets. L. I. BocKSTAHLER, 
Northwestern University. 

The war training program in meteorology. H. R. BYERs, 
University of Chicago. 

The science program in the secondary schools: its 
importance in the war effort and the postwar adjustment 
period. K. LArK-Horovitz, Purdue University. 

Problems of a Signal Corps war training program in 
communications. P. G. ANpDREs, Illinois Institute cf 
Technology. 


Contributed Papers, with Abstracts 


On the conservation of energy. G. F. SCHOEPFLE, 
Millikan University.—(By title.) 


The teacher shortage—a typical emergency solution. 
F. T. RoGrers, Jr., Lukas-Harold Corporation.—(By title.) 
The complete paper appears under ‘‘Notes and Discussion”’ 
in this issue. 


C. J. OVERBECK, Secretary 
ATTENDANCE 


The registration of those in attendance at the Chicago 
meeting lists 53 members and 20 nonmembers. Members 
who registered were: 


W. H. Abbitt, Northwestern University; W. M. Baker, University 
of Detroit; H. A. Barton, American Institute of Physics; C. E. Bennett, 
University of Maine; W. H. Billhartz, Franklin College; A. Bishop, 






University 
il. J. Bolg 
{nstitute « 
dianapolis 
University 
IlL.; W.W 
Massachu 
Junior Cc 
Institute 
lechnolos 
rrinity C 
College; 
College; | 
\Wesleyar 
kK. Lark- 
Ss. E. M 
Universit 
Overbeck 
Foundati 
Ohio Ste 
Db. W.S 
ity of ¢ 
lapley, 
L. W. T: 
College; 
College; 
Junior ¢ 
lowa St 
Charlot 


The 
the P 
concu 
Rr. © 
charg 

Aj 
eveni 
Ham, 
Penn 
the F 
tion 1 
analy 
rays, 

TI 


conti 


mit 


MEETINGS OF 
University of Dayton; L. I. Bockstahler, Northwestern University; 
il. J. Bolger, University of Notre Dame; G. P. Brewington, Lawrence 
Institute of Technology; Brother Bruno, Cathedral High School, In- 
dianapolis; C. F. Carter, Hillsdale College; G. W. Carter, Wayne 
University; P. H. Carr, Iowa State College; E. N. Coade, Chicago, 
ill.; W. W. Colvert, Illinois Institute of Technology; K. T. Compton, 
Massachusetts Institute of Technology; P. A. Constantinides, Wright 
Junior College and University of Chicago; P..L. Copeland, Illinois 
Institute of Technology; M. A. Countryman, Illinois Institute of 
lechnology; H. L. Dodge, Office of Scientific Personnel; R. J. Dwyer, 
rrinity College; L. T. Earls, lowa State College; H. Q. Fuller, Albion 
College; R. C. Gibbs, Cornell University; J. L. Glathart, Shurtleff 
College; R. C. Gowdy, University of Cincinnati; J. C. Jensen, Nebraska 
Wesleyan University; P. E. Klopsteg, Central Scientific Company; 
\<. Lark-Horovitz, Purdue University; R. M. Morrow, Albion College; 
s. E. Morrison, Michigan State College; R. T. O'Connor, Loyola 
University, Chicago; T. H. Osgood, Michigan State College; C. J. 
Overbeck, Northwestern University; E. B. Penrod, Armour Research 
Foundation; W. B. Pietenpol, University of Colorado; A. W. Smith, 
Ohio State University; M. N. States, Central Scientific Company; 
D. W. Stebbins, Signal Corps, U. S. Army; R. J. Stephenson, Univer- 
ity of Chicago; T. H. Stevens, Morgan Park Junior College; P. A. 
lapley, Chicago Board of Education; H. D. Taylor, Wheaton College; 
L. W. Taylor, Oberlin College; J. L. Thompson, Emmanuel Missionary 
College; J. Valasek, University of Minnesota; C. B. Vance, Evansville 
College; H. R. Voorhees, Herzl Junior College; G. W. Warner, Wilson 
Junior College; M. A. Wheatley, Wayne University; J. W. Woodrow, 
lowa State College; G. E. Ziegler, Illinois Institute of Technology; 
Charlotte Zimmerschied, Southern Illinois Normal University. 


Pennsylvania State College Meeting, 
June 17 and 18, 1943 


The American Association of Physics Teachers met at 
the Pennsylvania State College on June 17 and 18, 1943, 
concurrently with the American Physical Society. Professor 
Rk. C. Gibbs, Vice President of the Association, was in 
charge of the program. 

A joint dinner of the two societies was held on Friday 
evening, June 18; the principal speaker was Professor W. R. 
Ham, Chairman of the Department of Physics of the 
Pennsylvania State College. Included on the program of 
the Physical Society and of particular interest to Associa- 
tion members were a group of invited papers on ‘‘Chemical 
analysis by physical methods’”’ and an address, ‘‘Cosmic 
rays,’ by Dr. W.F.G.Swann, Bartol Research Foundation. 

Three sessions were devoted to the following invited and 
contributed papers: 


Physics in War Training Programs 


Physics in the Civilian Pilot Training program. J. L. 
Boun, Temple University. 

Physics in the meteorology training programs. F. W. 
Sears, Massachusetts Institute of Technology. 

Physics in the Army Air Forces training program. H. K. 
SCHILLING, Pennsylvania State College. 

The Navy curricula. A. C. Eurtcu, Lieutenant Com- 
mander USNR, Officer in Charge, Standards and Cur- 
riculum Section. 

Physics in the Army specialized training program. M. H. 
NicHoLs, Princeton University. 

Some war manpower and deferment problems. M. H. 
TRYTTEN, War Manpower Commission, 
mittee on Physicists. 


National Com- 
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The Role of Physics in the Postwar Period 
Some problems facing physicists. R. C. Gipss, Cornel 
University. 
Needs in research. G. P. HARNWELL, 
Pennsylvania. 


Physics in industry. R. B. BARNEs, American Cynamid 
Company. 


University of 


Contributed Papers, with Abstracts 


1. Ranges in vacuum in the plane of the equator. 
Tuomas D. Cope, University of Pennsylvania.—In the 
conventional elementary treatment of ranges in vacuum, 
the surface of the earth is regarded as a plane moving in 
uniform translation with a uniform gravitational field 
above it. Prevalent misconceptions have led to an extension 
of this treatment to conditions that are more realistic. 
The present discussion was for simplicity limited to the 
plane of the equator. The earth was taken as spherical and 
in rotation, and the gravitational field above as radial and 
varying according to the inverse square law. Expressions 
were developed for the range ‘‘in space”’ and on the arc of 
the equator and for the ranges of two projectiles fired with 
equal muzzle speeds and at equal elevations—one eastward, 
one westward. References were made to standard treatises 
on external ballistics. 


2. Suppressed units of force in Newton’s second law of 
motion. RicHAarp C. Hitcucock, Indiana (Pa.) State 
Teachers College-—Beginners have trouble with Newton’s 
second law mainly because supposedly familiar terms such 
as force and weight have special meanings and because of 
“suppressed units.”’ Teaching aids for this law often take 
the form of tables of fundamental and derived units in the 
various systems; but such tables usually do not give the 
dimensions for each quantity and may appear to the 
student as a memory exercise instead of as a reasonable 
procedure. Some beginners would probably agree with one 
author that ‘‘the physicist tries to hide his methods of 
measurement.”’ Why not explain first the dimensions of a 
force [LMT~-?] and then specify the units for the various 
systems to be used? Why not state explicitly, as at least 
one text does, that a dyne can always be replaced by its 
equivalent, 1 g cm sec™?? “ 

3. Units and laws in preflight physics. RicHarp C. 
Hitcucock, Indiana (Pa.) State Teachers College-——Since 
the goal of preflight physics is a maximum of accurate, 
usable information in a minimum of time, many laws and 
units must be by-passed in order to have time for pertinent 
fundamental problems. Selected cgs and fps gravitational 
units are usually sufficient; work, energy and power are 
expressed only in fps gravitational units. The distinction 
between weight and mass is by-passed by stressing 
F/W=a/g; and PiVi/T:=P2V2/T2 gives everything in 
one compact formula, instead of detailing the special cases 
of Boyle and Charles. Newton's laws, Archimedes’ principle 
and other similar generalizations must be used, but time 
is conserved by not referring to them by special names. 
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4. A laboratory experiment for determination of critical 
potentials. DoNALD FAHEY AND J. G. Winans, University 


of Wisconsin.—The complete paper will appear in the 
next issue. 


5. An inexpensive student interferometer. FRANcis H. 
NADIG AND J. LLtoyp Boun, Temple University—The 
complete paper will appear in the next issue. 






6. A double ionization chamber for electrometers. CARL 
T. Hispon, Ohio State University—The complete paper 
will appear in the next issue. 


7. The physicist as a ballistics engineer. CHARLES W. 
HorrMaAN, E. I. DuPont de Nemours and Company.— 
Primitive man hurled stones, knives, flints and hatchets 
for survival. Later the ballista supplanted the slingshot and 
simulated the siege gun. Still later the catapult was de- 
veloped and was similar to our modern howitzer. However, 
the science of ballistics began with the invention of the 
ballistic pendulum, by Robbins (1707-1751); thus the 
measurement of the velocity of a bullet in flight was made 
possible. Le Boulenge adapted the principle of Wheatstone 
in the use of electric circuits for timing the speed of the 
bullet while penetrating two screens. Various gages were 


Propagation of Sound 


The fact that sound is not transmitted by a bodily 
translation of the medium is evident when a gas tap is 
turned on. The sound of the escaping gas is immediately 
heard at some distance, whereas a considerable time is 
required before the smell of the gas reaches the same point. 
—W. LLowarcu, Sch. Sci. Rev. 24, 204 (1943). J.D.E. 


Interference of Sound Waves 


Quincke’s apparatus consists of two U-tubes set end to 
end, with infet and outlet tubes midway between the bends. 
The length of one of the tubes may be varied by a trom- 
bone slide arrangement. This well-known apparatus can be 
combined with the Kundt tube to show the interference of 
sound waves when the phase difference between two wave 
trains is 7/2. A Kundt tube is attached to each of the two 
side tubes of the Quincke apparatus, with the vibrating 
diaphragm in one and the fixed diaphragm in the other. 
When the difference of length of the two paths is a whole 
number of wave-lengths, cork dust or lycopodium powder 
will show the presence of standing waves in both Kundt 
tubes. But if the path difference is made an odd number of 
half wave-lengths, the tube containing the vibrating 
diaphragm will show the presence of waves while the other 
will not.—S. WEIKERSHEIMER, Sch. Sci. Rev. 24, 207 (1943). 
J.D.E. 


PERIODICAL LITERATURE 


DIGEST OF PERIODICAL LITERATURE 


developed for measuring the pressures attained in guns. 
Both the Rodman gage and the copper crusher cylinder 
give only the maximum pressure through deformation of a 
lead or copper cylinder. The physicist now integrates the 
whole story of the burning of propellant powders through 
the use of the cathode-ray tube; for, with the aid of piezo- 
electric crystals, he can measure the change in pressure 
with time from zero to maximum. 

R. C. Gipss, Vice President 





Cancelled Oregon State College Meeting 


Owing to transportation difficulties and a crisis in hous- 
ing accommodations, the Pacific Coast Division of the 
American Association for the Advancement of Science 
cancelled on June 1 its meetings that were to be held at 
Oregon State College on June 14 to 19. Consequently, the 
annual meeting of the Association in affiliation with the 
Pacific Division was also cancelled. An excellent program 
had been arranged by a committee headed by Professor 
E. Hobart Collins, University of Oregon. It provided for a 
luncheon meeting and for four sessions devoted to 20 con- 
tributed and invited papers, many of them on subjects of 


vital importance at this time to college and university 
physicists. 


Demonstrating Electric Field Lines 


A tuft of hair from a catskin is dropped onto one knob 
of a static machine in operation. The tuft oscillates between 
the knobs in graceful arcs, following the lines of electric 
field strength. The proper size of tuft and the best rate of 
operation of the machine are determined by trial; the 
knobs should be about 3 in. apart.—L. GorsE, Sch. Sci. 
Rev. 24, 203 (1943). J.D.E. 


Discoveries by Accident 


It is not derogatory of a discoverer to say that his dis- 
covery arose from an accident; for the power to use acci- 
dents is the mark of one form of scientific genius. Probably 
all experimenters are presented with about the same num- 
ber of accidents which, if they had had the wit, would have 
led them to important discoveries. Doubtless there is 
another form of scientific genius that proceeds from 
triumph to triumph according to an ordered plan; but it 
is seldom certain that the progress was really as orderly as 
it appears when the results are presented. Even if this 
form must be reckoned the higher, science would never 
have reached its present position without the other.— 
NorMAN R. CAMPBELL, Nature 151, 25 (1943). D.R. 
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Industrial Experience for Science Students 


Until recently, only engineering students in Great 
Britain have customarily spent some part of their vacation 
time in gaining actual industrial experience. But the needs 
of total war have brought out something that has always 
been latent in every branch of science, namely, its close 
linkage at some point with industrial practice. Conse- 
quently, many students of chemistry, physics and mathe- 
matics, in addition to those in engineering proper, are now 
adding to their experience by taking part in industrial 
life when the opportunity presents itself. As a result of the 
vacation apprenticeship scheme in operation at the Im- 
perial College of Science and Technology, 340 students 
spent on the average nearly six weeks of 1942 in research 
departments and in works, assisting with special investiga- 
tions, studying processes and methods of organization. 
Some 170 of the foremost British firms and many Govern- 
ment departments cooperated in this venture. Apart from 
the financial returns to the students, they clearly will gain 
experience that must react very favorably on their ca- 
pacity to assimilate college work. The educational con- 
sequences will be well worth watching.—ANon., Nature 
151, 164-165 (1943). D.R. 


The Versatile Copernicus 


Copernicus was more than a scientist. He was a church- 
man, a painter and a poet, a physician, an economist, a 
statesman and a soldier. He was not fully ordained a 
priest as some people erroneously believe; he had only 
minor orders. In the church hierarchy he was a canon, 
charged with the duty of administering church property 
in the duchy-bishopric of Varmia, then a Polish province 
but in 1772 incorporated in East Prussia. In his varied 
career he painted his own portrait. The original, unfor- 
tunately, has not been preserved; we know it only from the 
copy produced in the sixteenth century and later repro- 
duced on the astronomical clock tower of the Cathedral of 
Strasbourg. His first published book, in 1509, revealed 
him as a poet and incipient man of letters; it was a trans- 
lation of the epistles of a secondary Greek writer, Theophy- 
lact. As a physician he would have made a much greater 
reputation than that of a poet if astronomy had not ab- 
sorbed his interest in mature years. Such reputation con- 
cerning his medical profession as has come down to us has 
been clothed more in the garb of philanthropy rather than 
that of professional shrewdness; although not infrequently 
called to the bedside of the influential and the affluent, in 
his capacity as physician he is best known by his gratuitous 
ministrations to the poor. He was also an economist. 
Called by the Polish king, Sigismund I, to help reform the 
currency system in the northwestern Polish provinces, 
Copernicus formulated the monetary law of “good and 
bad money,” which through historical error was ascribed 
to Gresham and the principle became known as Gresham's 
law. Copernicus formulated this law at least 22 years 
before Sir Thomas Gresham. 

Copernicus was also a statesman and once even a soldier. 
He was an inveterate enemy of the Knights of the Teu- 
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tonic Order, whose possessions—East Prussia, then Fief 
of Poland—surrounded the province of Varmia on three 
sides. This order was the direct predecessor of the present 
widely heralded Teutonic New Order of Europe. The 
former Teutonic Order knew all the tricks of fifth-column 
work; it tried to create dissensions and foment disorders 
in the neighboring Polish provinces. Several letters of 
complaint to the king of Poland, drafted by Copernicus 
on behalf of the bishopric of Varmia, have come down to 
us. Without mincing words, Copernicus called them 
“thieves and robbers.’’ While on his business visit to the 
city of Olsztyn (Allenstein), which was surrounded by 
armed forces of the Teutonic Order, Copernicus assumed 
the function of commander in chief —STEPHEN P. Mizwa, 
Science 97, 192-194 (1943). D.R. 


Kundt Tube Apparatus 


A loudspeaker is a more convenient sound source for a 
Kundt tube than is the usual metal rod stroked with a 
rosined chamois, and it lends itself to an improved method 
of detecting the positions of the piston that correspond to 
resonance. Since the electric impedance of a loudspeaker 
is a function of the acoustic impedance to which it is 
coupled, there should be a noticeable change in the im- 
pedance of the loudspeaker when the piston in the tube 
is adjusted to a position of resonance. 

The circuit is shown in Fig. 1. The plate-cathode re- 
sistances of the double triode form two arms of a bridge. 
The tube is biased nearly to cutoff so that the effective d.c. 
plate-cathode resistance becomes a function of the a.c. 
input to the grid. The input from the coupling transformer 
T; is divided between the two grids in a ratio determined 
by the relative impedances of the primaries of the two 
transformers 7; and T2. These impedances are determined 
by the value of the resistance Rs and the impedance of 
the voice coil of the speaker S. The primary of 73 is con- 
nected to the output of an audiofrequency oscillator. At 
any given frequency, if the acoustic load on the speaker 


Fic. 1. Circuit diagram. 
Ri, 1000-ohm wire-wound 
potentiometer; Re, Rs, Rz, 
10,000-ohm, 1-w carbon; Rs, 
Rs, 0.5-megohm, 1-w car- 
bon; Re, four-dial resistance 
box, 0 to 9999 ohms; Rs, 10- 
ohm wire-wound rheostat; 
C, 0.1 to 1.0 wf paper con- 
denser; Ci, 0.5-uf paper 
condenser (may be omitted) ; 
T, 6N7 tube (may be re- 
placed by two triodes); S, 
Oxford 2ZMP permanent- 
magnet speaker; 71, T2, 
Thordarson T-13S42 uni- 
versal output transformer; 
Ts, General Radio 578-A or 
Thordarson T-61S26; G, 
galvanometer of resistance 
1047 ohms, critical damping 
resistance 7200 ohms, period 
2.25 sec and sensitivity 
0.0272 wamp/mm., 





236 DIGEST OF 


remains constant, the relative impedances of the trans- 
formers 7, and T:2 are independent of the a.c. input from 
T;, so that the bridge balance will be independent of the 
a.c. input. If the load on the speaker is changed by ad- 
justing the piston in the Kundt tube to the resonance 
position, the impedance of 7; is changed without altering 
that offered by T2 and the resulting unbalance of the bridge 
is indicated by the galvanometer G. 

The speaker is attached to a metal flange which is 
fastened to the glass Kundt tube with de Khotinsky ce- 
ment. It is convenient to enclose the speaker and the end 
of the tube in a wooden box filled with cotton —Myron B. 
REYNOLDS, J. Chem. Ed. 20, 121-122 (1943). LD. 


Model Seismographs 


E. W. Pollard has designed two seismographs that are 
essentially horizontal pendulums tuned to low frequencies. 
They are not difficult to build, though they may offer 
difficulties in operation. 

The first consists of a boom of wood or metal about 6 ft 
long, supported horizontally. In one end is fixed a steel 
knitting needle that bears at a point P against a vertical 
steel plate fastened to the wall. About one-third of the 
length of the boom from the wall is hung a weight of 30 to 
60 Ib, and at the same point is fastened a wire, the upper 
end of which is attached to the wall at a point P’ above P. 
The vertical plate against which the steel point bears can 
be adjusted by means of screws, so as to bring the point P 
very nearly vertically beneath P’. The period of oscilla- 
tion of the boom about the axis PP’ should be about 20 sec. 
The free end of the boom carries a vertical fine steel wire 
the upper end of which is bent into a small loop. Through 
this loop passes another fine wire that is horizontal and 
parallel to the boom, and that extends through a slit in 
the side of a box with a glass front. A small concave mirror 
is attached to this wire, and both are supported by a silk 
thread; a counterweight is provided for the wire. This 
system forms an optical lever, which in conjunction with a 
suitable light beam forms a spot of light on a drum driven 
by clockwork and covered with photographic paper or 
16-mm film. Thus the motions of the beam may be recorded. 

The second seismograph, of the Zollner type, consists of 
an 8-o0z sphere suspended by a single wire from a horizontal 
bar. The bar is clamped to the vertical support rod of a 
stand whose base is provided with leveling screws. To the 
top of the sphere is attached one end of a short rod, the 
other end of which is connected by a fine wire to a point 
on the base of the stand that is not vertically beneath the 
point of support of the sphere. When this wire is pulled to 
such a length that the short rod is horizontal, the sphere 
oscillates erratically, but by adjustment of the leveling 
screws its period may be made about 10 sec. A mirror 
mounted on the end of the rod where it is attached to the 
sphere serves as in the first case for the fulcrum of an 
optical lever recording system. 

A horizontal pendulum responds only to horizontal dis- 
placements of the earth. Hence, to record both the longi- 
tudinal and the transverse components of an earthquake 
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wave and thus to determine the direction from which the 
wave reaches the obser: atory, it is necessary to have two 
instruments with their positions of equilibrium at right 
angles. Moreover, the primary waves, which come directly 
through the earth from the source of the disturbance, have 
a period of about 4 sec, whereas the long waves, which 
travel around the cifcumference of the earth and arrive 
later than the primary, have a period of about 20 sec. 
Thus it is advisable to have two instruments tuned to 
different frequencies. 

The boom instrument in particular is very sensitive to 
tilt of the surrounding country, such as may be caused by 
the tide if the sea is near. Temperature changes produce a 
drift, but it does not have the periodic character of the 
tide record. Seismograms from both instruments show 
constant small disturbances, which are due not to traffic, 
for example, but to microseisms.—R. W. Stott, Sch. Sci. 
Rev. 24, 160-164 (1943). J.DE. 


A Simple Demonstration of Circular Polarization of 
Ionospherically Reflected Radio Waves 


Since the ionosphere is a doubly refracting medium, 
owing to the influence of the earth’s magnetic field, a 
plane-polarized radio wave incident normally on it is split 
into two elliptically polarized components of opposite 
rotational sense. For a certain range of frequencies, in the 
region of the gyro-frequency, only one of these two com- 
ponents is strongly reflected. In northern temperate 


latitudes this reflected component is of left-handed, ap- 
proximately circular, polarization. 

To demonstrate this circular polarization one must 
show that the two components of the magnetic vector 
along the two axes Ox and Oy (Fig. 1) are equal in magni- 
tude and 90° out of phase. If two equal loop aerials are 
placed with their axes along these directions, the emf’s 
in them will have the same phase difference as the magnetic 
vector components; but to exhibit the value of this quan- 
tity on a cathode-ray oscillograph requires both pulse 
transmissions and elaborate receiving equipment in the 
form of two high frequency amplifiers of exactly similar 
phase and amplitude characteristics. 

However, one can demonstrate this phase difference in 
a much simpler way. Suppose that the incoming signal is 
caused to beat with a locally produced oscillation of 
frequency only slightly less than that of the downcoming 
waves. Low frequency beats can then be obtained from 
the signals in the two aerials, and the phase difference of 
the two beat envelopes is then exactly the same as that of 
the two high frequency components under examination in 
the two aerials. 

To produce the required low frequency beats it is not 
necessary to have a separate heterodyne, since the oscilla- 
tions produced by the ground waves answer the same 
purpose. In the early morning when the height. of iono- 
spheric reflection is being slowly reduced under the in- 
creasing solar influence, the frequency of the reflected 
waves is slightly higher than that of the ground waves 
owing to the Doppler effect. Variations then occur in the 
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Fic. 1. (Left) The downcoming waves are incident normally on the 
paper; GO, direction of ground wave; M, magnetic vector due to ground 
waves. 

Fic. 2. (Right) Full line, signal variations in the loop with axis Ox; 
dashed line, those in the loop with axis Oy. 


outputs from the two aerials, due to the beats between 
ground and ionospherically reflected waves, and the phase 
difference we seek to demonstrate is equal to that between 
the signal variations in the two systems. If the two loops 
are set at 45° to the directions of propagation of the 
ground waves, we insure that the latter have equal influence 
on both systems, and, if each aerial is provided with a 
rectifier and recording galvanometer, the relative magni- 
tudes of the fading depths and the phase difference between 
the fading cycles can be simply demonstrated. 

The early morning fading is usually quite regular, with 
the two records similar to those of Fig. 2. The vector along 
Ox leads that along Oy by 90°, and this, together with the 
fact that the fading is of equal depth in the two cases, 
shows that the downcoming wave is of left-handed circular 
polarization. In the evening the ionospheric height of 
reflection is increasing, and the frequency of the down- 
coming waves is therefore slightly less than that of the 
ground wave. The phase difference between the beats as 
produced with the ground waves is then shown by the 
examination of the fading curves read in the negative 
direction along the time axis, since the beat notes are then 
reversed in phase relative to the original signals —EDWARD 
\'. APPLETON, Nature 151, 250 (1943). D.R. 
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Scientific centenaries in 1943. E. C. Smith, Nature 151, 
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Lavoisier, Condorcet, Klaproth and Nicollet. 

The interferometer in lens and prism manufacture. F. 
Twyman, Nature 151, 43-46 (1943). The general principles 
of the instrument, as illustrated by the two simplest forms 
—the prism and the lens interferometer. 

The extreme properties of matter. C. Darwin, Nature 
151, 237-242 (1943). A discussion of the limits beyond 
which improvements probably cannot be made in the 
mechanical, electric and magnetic properties of solids and 
fluids. 

Absolute x-ray wave-length. H. Lipson and D. P. Riley, 
Nature 151, 250-251 (1943). An error of about 0.6 percent 
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Siegbahn wave-lengths. 
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Bridgman, Science 97, 147-150 (1943). Part of the retiring 
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Doctorates in science. E. A. Henry, Science 97, 333-335 
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institutions. Chemistry was first, with 4644; physics next, 
with 1374. For physics the smallest yearly number was 121, 
in 1934; the largest, 191, in 1941. 

Dimensions and facts of measurement. N. Campbell, 
Phil. Mag. 33, 761-771 (1942). 

The values of studies in relation to character. E. L. 
Thorndike, Sch. and Soc. 57, 279-280 (1943). Testimony by 
155 teachers and 101 other adults on the benefits in the way 
of both general character training and general intellectual 
training which they believe derived from their school 
studies showed that, contrary to traditional views, (7) ‘‘con- 
tent’’ subjects, such as science and literature, are superior 
in these respects to ‘‘formal’”’ subjects, such as mathematics 
and linguistics, (77) the resulting character training and 
intellectual training increase with interest in and enjoy- 
ment of the subject. ; 

How to write a book for high school pupils. T. H. Briggs, 
Sch. and Soc. 57, 528-533 (1943). Suggestions to textbook 
authors. 

The development of the microscope objective. A. H. 
Bennett, J. Opt. Soc. Am. 33, 123-128 (1943). Early history 
and recent progress; bibliography. 

Impact of a wave-packet and a reflecting particle. H. E. 
Ives, J. Opt. Soc. Am. 33, 163-166 (1943). The impact of 
wave trains of definite length on reflecting particles is 
treated by means of classical wave theory, ‘‘with the 
interesting result that a derivation of the variation of mass 
with velocity is obtained, using only the principles of 
conservation of mass, momentum and energy.” 

Gasoline fires of electrostatic origin. R. Beach, Sci. Mo. 
56, 339-343 (1943). In practically all fires of electrostatic 
origin, some well-recognized safety practices have been 
violated. 

Galileo: pioneer in physics. H. Crew, Sci. Mo. 56, 440- 
446 (1943). 

Memorial to the classical statistics. K. K. Darrow, Bell 
System Tech. J. 22, 108-135 (1943). An exposition of “‘the 
astonishing history of the classical statistics,”’ written with 
the author’s customary elegance and clarity. 

Modern science in Russia. V. N. Ipatieff, J. Chem. Ed. 
20, 159-166 (1943). A brief history of early science in 
Russia, and an extensive discussion of modern contribu- 
tions. Many Russians—for example, Beilstein, Ostwald, 
Tammann—were not recognized until they had left Russia. 
Many others are hardly known outside Russia. It is 
pointed out that Popov demonstrated wireless telegraphy 
at St. Petersburg in 1895 and by 1897 was able to transmit 
signals a distance of 5 km. Marconi’s first papers on the 
subject were published in 1897; he knew of Popov’s work. 

Newton’s portraits and statues. F. E. Brasch, Scripta 
Math. 8, 199-227 (1941). Ten excellent full-page reproduc- 
tions of portraits and statues of Newton are included. 

Four sparkling personalities. H. J. Ettlinger, Scripta 
Math. 8, 237-250 (1941). Brief sketches, with portraits, of 
Heaviside, Pupin, Steinmetz and Karapetoff. 
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The interior of the earth viewed in relation to earthquake 
causes. N. H. Heck, M. K. Hubbert, V. F. Hess, E. A. 
Hodgson, W. A. Lynch, J. B. Macelwane, J. Lynch, J. App. 
Phys. 14, 104-136 (1943). Evidence furnished by geodesy, 
mechanics, radioactivity, seismology, magnetism and 
thermodynamics. 


The evolution of color vision. G. L. Walls, J. App. Phys. 
14, 161-165 (1943). A brief survey. 

Contributions of science to an appreciation of music. A. 
Pepinsky, J. Frank. Inst. 235, 361-392 (1943). 

The story of the bicycle. N. W. Sample, Jr., and T. 
Coulson. J. Frank. Inst. 235, 393-404 (1943). Historical. 


The Kilgore Bill 


N a recent resolution bearing on the Kilgore bill now 

before Congress, the War Policy Committee of the 
American Institute of Physics points out how current 
studies and surveys made by the Institute of Physics 
show that practically all physicists are now engaged in 
the advancement of war research, war industry and train- 
ing of personnel for the war effort. Conceding that there 
is room for improvement, the Committee nevertheless 
maintains that physics is well mobilized and effectively 
working on war problems through such agencies as the 
OSRD, industrial and Government laboratories and educa- 


tional institutions where personnel are being trained in 
large numbers for war work. The committee further re- 
solved that it regards the proposals now before Congress— 
S.702 and H.R. 2100—as not well conceived to increase 
the productivity of physics in the war, but rather tending 
to disorganize and retard the effective work now being done. 

Since the Kilgore bill, if passed, would profoundly in- 
fluence the future of many physicists and the development 
of the science in this country, it is desirable that physicists 
familiarize themselves with the proposed legislation and 
the arguments in favor of and against it.—D. R. 


Recreational Physics 


NUSUAL absorption in their field seems to be char- 
acteristic of physicists as a group, an absorption that 
carries over to their recreation. In any gathering they 
invariably ‘“‘talk shop,’’ and in their leisure hours fre- 
quently find the keys to some of their most perplexing 
physical problems. One way to solve a problem, as Newton 
pointed out, is by this process of continually thinking 
about it. That many physicists also find needed recrea- 
tion in the pursuit of hobbies having a strong physical 
slant is therefore not surprising. 
An interesting aspect of recreational physics is the way 
the physics and the hobby react on each other, often with 
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advantage to both. Dr. Paul E. Klopsteg, whose article 
in the present issue was the immediate inspiration of this 
note, has pursued archery and the science of ballistics to 
their mutual advantage. His interest in archery began in 
1929 when a daughter received bows and arrows as a gift, 
and his scientific interest in the sport doubtless is traceable 
to the ballistics researches which he conducted for the 
Ordnance Department at Sandy Hook and later at Aber- 
deen during the first world war. In archery he has done 
much to stimulate interest in the scientific aspects of the 
sport and was the first recipient of the medal now regu- 
larly conferred by the National Archery Association for 
contributions to archery. Today, his knowledge of ballistics 
is finding direct application in extensive NDRC work on 
the development of better military weapons. Another 
physicist-archer who has made military contributions is 
Dr. C. N. Hickman, who worked during the first world war 
with Dr. R. H. Goddard on the development of special pro- 
jectiles and is now engaged in similar work for the NDRC. 
In archery, the new bows designed by Hickman and Klop- 
steg have now completely displaced the English longbow 
of traditional design from American shooting fields. 

Many other instances of the pursuit of physics hobbies 
will be recalled, notably, the beautifully integrated and 
highly productive work of the late Dayton C. Miller in 
music and acoustics. Aviation, archeology, scientific farm- 
ing, various sports, legerdemain, technical book collecting, 
photography and painting are ,other examples. Such an 
integration of work and play is not only a sensible solution 
for those physicists who have a recreational problem, but 
for some may indeed be the only one.—D. R. 
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